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Abstract. This is an introduction to the study of random variables using moments, and
related techniques from combinatorics and classical analysis. We first discuss the classical
moment problem, with illustrations for the various classical discrete and continuous laws.
Then we get into a more advanced study of the variables and moments, and their various
functional transforms, using partitions and cumulants. We then investigate a number
of more advanced analytic aspects, notably with a study of the orthogonal polynomials.
Finally, we have a look at the complex random variables, with a discussion of the moment
problem here, and of related combinatorial and analytic aspects.



Preface

This is an introduction to the study of random variables using moments, and related
techniques from combinatorics and classical analysis, ranging from basic to advanced,
with all needed preliminaries included. The book is organized in 4 parts, as follows:

I - We first discuss the classical moment problem, with illustrations for the various
classical discrete and continuous laws.

II - Then we get into a more advanced study of the variables and moments, and their
various functional transforms, using partitions and cumulants.

III - We then investigate a number of more specialized analytic aspects, notably with
a study of the associated orthogonal polynomials.

IV - Finally, we have a look at the complex random variables, with a discussion of the
moment problem here, and of related combinatorial and analytic aspects.

Many thanks to my cats, for precious help with some of the computations.

Cergy, September 2025

Teo Banica
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Part I

Variables, moments





CHAPTER 1

Discrete laws

1a. Variables, moments

You surely know a bit about random variables f : X → R, their means, also called
expectations, E(f) ∈ R, and about their variances V (f) = E(f 2) − E(f)2 ≥ 0 too.
However, this is not the end of the story, because in order to have a fine understanding of
your variable f : X → R, you might need the higher moments Mk = E(fk) too. In fact,
the sequence of moments, besides encoding the mean and the variance, via E(f) = M1

and V (f) =M2 −M2
1 , determines the law, and can be useful for many purposes.

We will be talking about this, in this book. In this present Part I we would first like
to compute the moments of all standard probability distributions, discrete or continuous,
as to get familiar with this notion. Then, we would like to understand how the sequence
of moments determines the law, in general, and with illustrations too. And then, in what
concerns more advanced aspects, we have Parts II, III and IV for this.

Getting started now, there are many possible entry points to probability, with a quite
standard one, focusing on the discrete case, which is the simplest, being as follows:

Definition 1.1. A discrete probability space is a set X, usually finite or countable,
whose elements x ∈ X are called events, together with a function

P : X → [0,∞)

called probability function, which is subject to the condition∑
x∈X

P (x) = 1

telling us that the overall probability for something to happen is 1.

As a first comment, our condition
∑

x∈X P (x) = 1 perfectly makes sense, and this
even if X is uncountable, because the sum of positive numbers is always defined, as a
number in [0,∞], and this no matter how many positive numbers we have.

As a second comment, we have chosen in the above not to assume that X is finite
or countable, and this for instance because we want to be able to regard any probability
function on N as a probability function on R, by setting P (x) = 0 for x /∈ N.

11
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As a third comment, once we have a probability function P : X → [0,∞) as above,
with P (x) ∈ [0, 1] telling us what the probability for an event x ∈ X to happen is, we can
compute what the probability for a set of events Y ⊂ X to happen is, by setting:

P (Y ) =
∑
y∈Y

P (y)

But more on this, mathematical aspects of discrete probability theory, later, when
further building on Definition 1.1. For the moment, what we have above will do.

With this discussed, let us explore now the basic examples, coming from the real life.
And here, there are many things to be learned. As a first example, we have:

Example 1.2. Flipping coins.

Here things are simple and clear, because when you flip a coin the corresponding
discrete probability space, together with its probability measure, is as follows:

X =
{
heads, tails

}
, P (heads) = P (tails) =

1

2

In the case where the coin is biased, as to land on heads with probability 2/3, and on
tails with probability 1/3, the corresponding probability space is as follows:

X =
{
heads, tails

}
, P (heads) =

2

3
, P (tails) =

1

3

More generally, given any number p ∈ [0, 1], we have an abstract probability space as
follows, where we have replaced heads and tails by win and lose:

X =
{
win, lose

}
, P (win) = p , P (lose) = 1− p

Finally, things become more interesting when flipping a coin, biased or not, several
times in a row. We will be back to this in a moment, with details.

Example 1.3. Rolling dice.

Again, things here are simple and clear, because when you throw a die the correspond-
ing probability space, together with its probability measure, is as follows:

X =
{
1, . . . , 6

}
, P (i) =

1

6
, ∀i

As before with coins, we can further complicate this by assuming that the die is biased,
say landing on face i with probability pi ∈ [0, 1]. In this case the corresponding probability
space, together with its probability measure, is as follows:

X =
{
1, . . . , 6

}
, P (i) = pi , pi ≥ 0 ,

∑
i

pi = 1
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Also as before with coins, things become more interesting when throwing a die several
times in a row, or equivalently, when throwing several identical dice at the same time. In
this latter case, with n identically biased dice, the probability space is as follows:

X =
{
1, . . . , 6

}n
, P (i1 . . . in) = pi1 . . . pin , pi ≥ 0 ,

∑
i

pi = 1

Observe that the sum 1 condition in Definition 1.1 is indeed satisfied, and with this
proving that our dice modeling is bug-free, due to the following computation:∑

i∈X

P (i) =
∑

i1,...,in

P (i1 . . . in)

=
∑

i1,...,in

pi1 . . . pin

=
∑
i1

pi1 . . .
∑
in

pin

= 1× . . .× 1

= 1

Getting back now to theory, in the general context of Definition 1.1, we can see that
what we have there is very close to the biased die, from Example 1.3. Indeed, in the
general context of Definition 1.1, we can say that what happens is that we have a die with
|X| faces, which is biased such that it lands on face i with probability P (i).

Which is something quite interesting, allowing us to have some intuition on what is
going on, in discrete probability. So, let us record this finding, as follows:

Conclusion 1.4. Discrete probability can be understood as being about throwing a
general die, having an arbitrary number of faces, and which is arbitrarily biased too.

Moving ahead now, let us go back to the context of Definition 1.1, which is the most
convenient one, technically speaking. As usual in probability, we are mainly interested in
winning. But, winning what? In case we are dealing with a usual die, what we win is
what the die says, and on average, what we win is the following quantity:

E =
1 + 2 + 3 + 4 + 5 + 6

6
= 3.5

In case we are dealing with the biased die in Example 1.3, again what we win is what
the die says, and on average, what we win is the following quantity:

E =
∑
i

i× pi
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With this understood, what about coins? Here, before doing any computation, we
have to assign some numbers to our events, and a standard choice here is as follows:

f :
{
heads, tails

}
→ R , f(heads) = 1 , f(tails) = 0

With this choice made, what we can expect to win is the following quantity:

E(f) = f(heads)× P (heads) + f(tails)× P (tails)

= 1× 1

2
+ 0× 1

2

=
1

2
Of course, in the case where the coin is biased, this computation will lead to a different

outcome. And also, with a different convention for f , we will get a different outcome too.
Moreover, we can combine if we want these two degrees of flexibility.

In short, you get the point. In order to do some math, in the context of Definition
1.1, we need a random variable f : X → R, and the math will consist in computing the
expectation of this variable, E(f) ∈ R. Alternatively, in order to do some business in
the context of Definition 1.1, we need some form of “money”, and our random variable
f : X → R will stand for that money, and then E(f) ∈ R, for the average gain.

Let us axiomatize this situation as follows:

Definition 1.5. A random variable on a probability space X is a function

f : X → R
and the expectation of such a random variable is the quantity

E(f) =
∑
x∈X

f(x)P (x)

which is best thought as being the average gain, when the game is played.

Here the word “game” refers to the probability space interpretation from Conclusion
1.4. Indeed, in that context, with our discrete set of events X being thought of as
corresponding to a generalized die, and by thinking of f as representing some sort of
money, the above quantity E(f) is what we win, on average, when playing the game.

We have already seen some good illustrations for Definition 1.5, so time now to get into
more delicate aspects. Imagine that you want to set up some sort of business, with your
variable f : X → R. You are of course mostly interested in the expectation E(f) ∈ R,
but passed that, the way this expectation comes in matters too. For instance:

(1) When your variable is constant, f = c, you certainly have E(f) = c, and your
business will run smoothly, with not so many surprises on the way.
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(2) On the opposite, for a complicated variable satisfying E(f) = c, your business will
be more bumpy, with wins or loses on the way, depending on your skills.

In short, and extrapolating now from business to mathematics, physics, chemistry and
everything else, we must complement Definition 1.5 with something finer, regarding the
“quality” of the expectation E(f) ∈ R appearing there. And the first thought here, which
is the correct one, goes to the following number, called variance of our variable:

V (f) = E
(
(f − E(f))2

)
= E(f 2)− E(f)2

However, let us not stop here. For a total control of your business, be that of financial,
mathematical, physical or chemical type, you will certainly want to know more about your
variable f : X → R. Which leads us into general moments, constructed as follows:

Definition 1.6. The moments of a variable f : X → R are the numbers

Mk = E(fk)

which satisfy M0 = 1, then M1 = E(f), and then V (f) =M2 −M2
1 .

And, good news, with this we have all the needed tools in our bag for doing some
good business. To put things in a very compacted way, M0 is about foundations, M1 is
about running some business, M2 is about running that business well, and M3 and higher
are advanced level, about ruining all the competing businesses.

As a further piece of basic probability, coming this time as a theorem, we have:

Theorem 1.7. Given a random variable f : X → R, if we define its law as being

µ =
∑
x∈X

P (x)δf(x)

regarded as probability measure on R, then the moments are given by the formula

E(fk) =

∫
R
ykdµ(y)

with the usual convention that each Dirac mass integrates up to 1.

Proof. There are several things going on here, the idea being as follows:

(1) To start with, given a random variable f : X → R, we can certainly talk about
its law µ, as being the formal linear combination of Dirac masses in the statement. Our
claim is that this is a probability measure on R, in the sense of Definition 1.1. Indeed,
the weight of each point y ∈ R is the following quantity, which is positive, as it should:

dµ(y) =
∑

f(x)=y

P (x)
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Moreover, the total mass of this measure is 1, as it should, due to:∑
y∈R

dµ(y) =
∑
y∈R

∑
f(x)=y

P (x)

=
∑
x∈X

P (x)

= 1

Thus, we have indeed a probability measure on R, in the sense of Definition 1.1.

(2) Still talking basics, let us record as well the following alternative formula for the
law, which is clear from definitions, and that we will often use, in what follows:

µ =
∑
y∈R

P (f = y)δy

(3) Now let us compute the moments of f . With the usual convention that each Dirac
mass integrates up to 1, as mentioned in the statement, we have:

E(fk) =
∑
x∈X

P (x)f(x)k

=
∑
y∈R

yk
∑

f(x)=y

P (x)

=

∫
R
ykdµ(y)

Thus, we are led to the conclusions in the statement. □

The above theorem is quite interesting, because we can see here a relation with inte-
gration, as we know it from calculus. In view of this, it is tempting to further go this way,
by formulating the following definition, which is something purely mathematical:

Definition 1.8. Given a set X, which can be finite, countable, or even uncountable,
a discrete probability measure on it is a linear combination as follows,

µ =
∑
x∈X

λxδx

with the coefficients λi ∈ R satisfying λi ≥ 0 and
∑

i λi = 1. For f : X → R we set∫
X

f(x)dµ(x) =
∑
x∈X

λxf(x)

with the convention that each Dirac mass integrates up to 1.
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Observe that, with this, we are now into pure mathematics. However, and we insist on
this, it is basic probability, as developed before, which is behind all this. Now by staying
abstract for a bit more, with Definition 1.8 in hand, we can recover our previous basic
probability notions, from Definition 1.1 and from Theorem 1.7, as follows:

Theorem 1.9. With the above notion of discrete probability measure in hand:

(1) A discrete probability space is simply a space X, with a discrete probability mea-
sure on it ν. In this picture, the probability function is P (x) = dν(x).

(2) Each random variable f : X → R has a law, which is a discrete probability
measure on R. This law is given by µ = f∗ν, push-forward of ν by f .

Proof. This might look a bit scary, but is in fact a collection of trivialities, coming
straight from definitions, the details being as follows:

(1) Nothing much to say here, with our assertion being plainly clear, just by comparing
Definition 1.1 and Definition 1.8. As a interesting comment, however, in the general
context of Definition 1.8, a probability measure µ =

∑
x∈X λxδx as there depends only on

the following function, called density of our probability measure:

φ : X → R , φ(x) = λx

And, with this notion in hand, our equation P (x) = dν(x) simply says that the
probability function P is the density of ν. Which is something which is good to know.

(2) Pretty much the same story here, with our first assertion being clear, just by
comparing Theorem 1.7 and Definition 1.8. As for the second assertion, consider more
generally a probability space (X, ν), and a function f : X → Y . We can then construct
a probability measure µ = f∗ν on Y , called push-forward of ν by f , as follows:

ν =
∑
x∈X

λxδx =⇒ µ =
∑
y∈Y

 ∑
f(x)=y

λx

 δy

Alternatively, at the level of the corresponding measures of the parts Z ⊂ Y , we have
the following abstract formula, which looks more conceptual:

µ(Z) = ν(f−1(Z))

In any case, one way or another we can talk about push-forward measures µ = f∗ν,
and in the case of a random variable f : X → R, we obtain in this way the law of f . □

Very nice all this, and needless to say, welcome to measure theory. In what follows we
will rather go back to probability theory developed in the old way, as in the beginning
of the present chapter, and keep developing that material, because we still have many
interesting things to be learned. But, let us keep Definition 1.8 and Theorem 1.9, which
are quite interesting, somewhere in our head. We will be back to these later.
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1b. Binomial laws

Let us talk now about the key notion in probability, which is independence. Motivated
by what happens when flipping a biased coin several times in a row, we have:

Definition 1.10. Given p ∈ [0, 1], the Bernoulli law of parameter p is given by:

P (win) = p , P (lose) = 1− p

More generally, the k-th binomial law of parameter p, with k ∈ N, is given by

P (s) = ps(1− p)k−s

(
k

s

)
with the Bernoulli law appearing at k = 1, with s = 1, 0 here standing for win and lose.

Let us try now to understand the relation between the Bernoulli and binomial laws.
Indeed, we know that the Bernoulli laws produce the binomial laws, simply by iterating
the game, from 1 throw to k ∈ N throws. Obviously, what matters in all this is the
“independence” of our coin throws, so let us record this finding, as follows:

Theorem 1.11. The following happen, in the context of the biased coin game:

(1) The Bernoulli laws µber produce the binomial laws µbin, by iterating the game
k ∈ N times, via the independence of the throws.

(2) We have in fact µbin = µ∗k
ber, with ∗ being the convolution operation for real

probability measures, given by δx ∗ δy = δx+y, and linearity.

Proof. Obviously, this is something a bit informal, but let us prove this as stated, and
we will come back later to it, with precise definitions, general theorems and everything. In
what regards the first assertion, nothing to be said there, this is what life teaches us. As
for the second assertion, the formula µbin = µ∗k

ber there certainly looks like mathematics,
so job for us to figure out what this exactly means. And, this can be done as follows:

(1) The first idea is to encapsulate the data from Definition 1.10 into the probabil-
ity measures associated to the Bernoulli and binomial laws. For the Bernoulli law, the
corresponding measure is as follows, with the δ symbols standing for Dirac masses:

µber = (1− p)δ0 + pδ1

As for the binomial law, here the measure is as follows, constructed in a similar way,
you get the point I hope, again with the δ symbols standing for Dirac masses:

µbin =
k∑

s=0

ps(1− p)k−s

(
k

s

)
δs

(2) Getting now to independence, the point is that, as we will soon discover abstractly,
the mathematics there is that of the following formula, with ∗ standing for the convolution
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operation for the real measures, which is given by δx ∗ δy = δx+y and linearity:

µbin = µber ∗ . . . ∗ µber︸ ︷︷ ︸
k terms

(3) To be more precise, this latter formula does hold indeed, as a straightforward
application of the binomial formula, the formal proof being as follows:

µ∗k
ber =

(
(1− p)δ0 + pδ1

)∗k
=

k∑
s=0

ps(1− p)k−s

(
k

s

)
δ
∗(k−s)
0 ∗ δ∗s1

=
k∑

s=0

ps(1− p)k−s

(
k

s

)
δs

= µbin

(4) Summarizing, save for some uncertainties regarding what independence exactly
means, mathematically speaking, and more on this in a moment, theorem proved. □

Getting to formal mathematical work now, let us start with the following straightfor-
ward definition, inspired by what happens for coins, dice and cards:

Definition 1.12. We say that two variables f, g : X → R are independent when

P (f = x, g = y) = P (f = x)P (g = y)

happens, for any x, y ∈ R.

As already mentioned, this is something very intuitive, inspired by what happens for
coins, dice and cards. As a first result now regarding independence, we have:

Theorem 1.13. Assuming that f, g : X → R are independent, we have:

E(fg) = E(f)E(g)

More generally, we have the following formula, for the mixed moments,

E(fkgl) = E(fk)E(gl)

and the converse holds, in the sense that this formula implies the independence of f, g.
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Proof. We have indeed the following computation, using the independence of f, g:

E(fkgl) =
∑
xy

xkylP (f = x, g = y)

=
∑
xy

xkylP (f = x)P (g = y)

=
∑
x

xkP (f = x)
∑
y

ylP (g = y)

= E(fk)E(gl)

As for the last assertion, this is clear too, because having the above computation work,
for any k, l ∈ N, amounts in saying that the independence formula for f, g holds. □

Regarding now the convolution operation, motivated by what we found before, in
Theorem 1.11, let us start with the following abstract definition:

Definition 1.14. Given a space X with a sum operation +, we can define the con-
volution of any two discrete probability measures on it,

µ =
∑
i

aiδxi
, ν =

∑
j

bjδyj

as being the discrete probability measure given by the following formula:

µ ∗ ν =
∑
ij

aibjδxi+yj

That is, the convolution operation ∗ is defined by δx ∗ δy = δx+y, and linearity.

As a first observation, our operation is well-defined, with µ ∗ ν being indeed a discrete
probability measure, because the weights are positive, aibj ≥ 0, and their sum is:∑

ij

aibj =
∑
i

ai
∑
j

bj = 1× 1 = 1

Also, the above definition agrees with what we did before with coins, and Bernoulli
and binomial laws. We have in fact the following general result:

Theorem 1.15. Assuming that f, g : X → R are independent, we have

µf+g = µf ∗ µg

where ∗ is the convolution of real probability measures.
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Proof. We have indeed the following straightforward verification, based on the in-
dependence formula from Definition 1.12, and on Definition 1.14:

µf+g =
∑
x∈R

P (f + g = x)δx

=
∑
y,z∈R

P (f = y, g = z)δy+z

=
∑
y,z∈R

P (f = y)P (g = z)δy ∗ δz

=

(∑
y∈R

P (f = y)δy

)
∗

(∑
z∈R

P (g = z)δz

)
= µf ∗ µg

Thus, we are led to the conclusion in the statement. □

Before going further, let us attempt as well to find a proof of Theorem 1.15, based on
the moment characterization of independence, from Theorem 1.13. For this purpose, we
will need the following standard fact, which is of certain theoretical interest:

Theorem 1.16. The sequence of moments

Mk =

∫
R
xkdµ(x)

uniquely determines the law.

Proof. Indeed, assume that the law of our variable is as follows:

µ =
∑
i

λiδxi

The sequence of moments is then given by the following formula:

Mk =
∑
i

λix
k
i

But it is then standard calculus to recover the numbers λi, xi ∈ R, and so the measure
µ, out of the sequence of numbers Mk. Indeed, assuming that the numbers xi are 0 <
x1 < . . . < xn for simplifying, in the k → ∞ limit we have the following formula:

Mk ∼ λnx
k
n

Thus, we got the parameters λn, xn ∈ R of our measure µ, and then by substracting
them and doing an obvious recurrence, we get the other parameters λi, xi ∈ R as well.
We will leave the details here as an instructive exercise, and come back to this problem
later in this book, with more advanced and clever methods for dealing with it. □
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Getting back now to our philosophical question above, namely recovering Theorem
1.15 via moment technology, we can now do this, the result being as follows:

Theorem 1.17. Assuming that f, g : X → R are independent, the measures

µf+g , µf ∗ µg

have the same moments, and so, they coincide.

Proof. We have the following computation, using the independence of f, g:

Mk(f + g) = E((f + g)k)

=
∑
r

(
k

r

)
E(f rgk−r)

=
∑
r

(
k

r

)
Mr(f)Mk−r(g)

On the other hand, we have as well the following computation:∫
X

xkd(µf ∗ µg)(x) =

∫
X×X

(x+ y)kdµf (x)dµg(y)

=
∑
r

(
k

r

)∫
X

xrdµf (x)

∫
X

yk−rdµg(y)

=
∑
r

(
k

r

)
Mr(f)Mk−r(g)

Thus, job done, and theorem proved, or rather Theorem 1.15 reproved. □

Getting back now to the basic theory of independence, here is now a second result,
coming as a continuation of Theorem 1.15, which is something more advanced:

Theorem 1.18. Assuming that f, g : X → R are independent, we have

Ff+g = FfFg

where Ff (x) = E(eixf ) is the Fourier transform.
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Proof. We have the following computation, using Theorem 1.15:

Ff+g(x) =

∫
X

eixzdµf+g(z)

=

∫
X

eixzd(µf ∗ µg)(z)

=

∫
X×X

eix(z+t)dµf (z)dµg(t)

=

∫
X

eixzdµf (z)

∫
X

eixtdµg(t)

= Ff (x)Fg(x)

Thus, we are led to the conclusion in the statement. □

As a comment here, you might wonder what that i ∈ C number in the definition of
the Fourier transform is good for. Good question, which will be answered, in due time.

Let us do now some computations. We recall from the above that the k-th binomial
law of parameter p ∈ (0, 1), with k ∈ N, is given by the following formula:

P (s) = ps(1− p)k−s

(
k

s

)

As a first concrete result about these laws, we have:

Theorem 1.19. The mean of the k-th binomial law of parameter p ∈ (0, 1) is:

E = kp

As for the variance and higher moments, these are given by similar formulae.

Proof. This is indeed something very standard, the idea being as follows:
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(1) In what regards the mean, this can be computed as follows:

E =
k∑

s=0

P (s)s

=
k∑

s=0

ps(1− p)k−s

(
k

s

)
s

=
k∑

s=1

ps(1− p)k−s

(
k

s

)
s

=
k∑

s=1

ps(1− p)k−s k!

(s− 1)!(k − s)!

= k
k∑

s=1

ps(1− p)k−s (k − 1)!

(s− 1)!(k − s)!

= k
k−1∑
r=0

pr+1(1− p)k−r−1 (k − 1)!

r!(k − r − 1)!

= kp
k−1∑
r=0

pr(1− p)k−r−1 (k − 1)!

r!(k − r − 1)!

= kp(p+ (1− p))k−1

= kp

(2) As for the variance, and the higher moments too, these can be computed in a
similar way, essentially by using the binomial formula. □

1c. Poisson limits

At a more advanced level, we have the Poisson Limit Theorem (PLT), that we would
like to explain now. Let us start with the following definition:

Definition 1.20. The Poisson law of parameter 1 is the following measure,

p1 =
1

e

∑
k∈N

δk
k!

and the Poisson law of parameter t > 0 is the following measure,

pt = e−t
∑
k∈N

tk

k!
δk

with the letter “p” standing for Poisson.
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As a first observation, the above laws have indeed mass 1, as they should, due to the
following key formula, which is actually the key formula of all mathematics:

et =
∑
k∈N

tk

k!

We will see in the moment why these measures appear a bit everywhere, in discrete
contexts, the reasons for this coming from the Poisson Limit Theorem (PLT). Let us first
develop some general theory. We first have the following result:

Theorem 1.21. We have the following formula, for any s, t > 0,

ps ∗ pt = ps+t

so the Poisson laws form a convolution semigroup.

Proof. By using δk ∗ δl = δk+l and the binomial formula, we obtain:

ps ∗ pt = e−s
∑
k

sk

k!
δk ∗ e−t

∑
l

tl

l!
δl

= e−s−t
∑
n

δn
∑

k+l=n

sktl

k!l!

= e−s−t
∑
n

δn
n!

∑
k+l=n

n!

k!l!
sktl

= e−s−t
∑
n

(s+ t)n

n!
δn

= ps+t

Thus, we are led to the conclusion in the statement. □

Next in line, we have the following result, which is fundamental as well:

Theorem 1.22. The Poisson laws appear as formal exponentials

pt =
∑
k

tk(δ1 − δ0)
∗k

k!

with respect to the convolution of measures ∗.
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Proof. By using the binomial formula, the measure on the right is:

µ =
∑
k

tk

k!

∑
r+s=k

(−1)s
k!

r!s!
δr

=
∑
k

tk
∑

r+s=k

(−1)s
δr
r!s!

=
∑
r

trδr
r!

∑
s

(−1)s

s!

=
1

e

∑
r

trδr
r!

= pt

Thus, we are led to the conclusion in the statement. □

Regarding now the Fourier transform computation, this is as follows:

Theorem 1.23. The Fourier transform of pt is given by

Fpt(y) = exp
(
(eiy − 1)t

)
for any t > 0.

Proof. We have indeed the following computation:

Fpt(y) = e−t
∑
k

tk

k!
Fδk(y)

= e−t
∑
k

tk

k!
eiky

= e−t
∑
k

(eiyt)k

k!

= exp(−t) exp(eiyt)
= exp

(
(eiy − 1)t

)
Thus, we obtain the formula in the statement. □

Observe that the above formula gives an alternative proof for Theorem 1.21, by using
the fact that the logarithm of the Fourier transform linearizes the convolution.

As another application of the above Fourier transform formula, which is of key impor-
tance, we can now establish the Poisson Limit Theorem, as follows:
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Theorem 1.24 (PLT). We have the following convergence, in moments,((
1− t

n

)
δ0 +

t

n
δ1

)∗n

→ pt

for any t > 0.

Proof. Let us denote by νn the measure under the convolution sign, namely:

νn =

(
1− t

n

)
δ0 +

t

n
δ1

We have the following computation, for the Fourier transform of the limit:

Fδr(y) = eiry =⇒ Fνn(y) =

(
1− t

n

)
+
t

n
eiy

=⇒ Fν∗nn (y) =

((
1− t

n

)
+
t

n
eiy
)n

=⇒ Fν∗nn (y) =

(
1 +

(eiy − 1)t

n

)n

=⇒ F (y) = exp
(
(eiy − 1)t

)
Thus, we obtain indeed the Fourier transform of pt, as desired. □

At the level of moments now, things are quite subtle for Poisson laws. We first have
the following result, dealing with the simplest case, where the parameter is t = 1:

Theorem 1.25. The moments of p1 are the Bell numbers,

Mk(p1) = |P (k)|

where P (k) is the set of partitions of {1, . . . , k}.

Proof. The moments of p1 are given by the following formula:

Mk =
1

e

∑
r

rk

r!
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We therefore have the following recurrence formula for these moments:

Mk+1 =
1

e

∑
r

(r + 1)k+1

(r + 1)!

=
1

e

∑
r

rk

r!

(
1 +

1

r

)k

=
1

e

∑
r

rk

r!

∑
s

(
k

s

)
r−s

=
∑
s

(
k

s

)
· 1
e

∑
r

rk−s

r!

=
∑
s

(
k

s

)
Mk−s

With this done, let us try now to find a recurrence for the Bell numbers:

Bk = |P (k)|

A partition of {1, . . . , k + 1} appears by choosing s neighbors for 1, among the k
numbers available, and then partitioning the k − s elements left. Thus, we have:

Bk+1 =
∑
s

(
k

s

)
Bk−s

Thus, our moments Mk satisfy the same recurrence as the numbers Bk. Regarding
now the initial values, in what concerns the first moment of p1, we have:

M1 =
1

e

∑
r

r

r!
= 1

Also, by using the above recurrence for the numbers Mk, we obtain from this:

M2 =
∑
s

(
1

s

)
Mk−s = 1 + 1 = 2

On the other hand, B1 = 1 and B2 = 2. Thus we obtain Mk = Bk, as claimed. □

More generally now, we have the following result, dealing with the case t > 0:

Theorem 1.26. The moments of pt with t > 0 are given by

Mk(pt) =
∑

π∈P (k)

t|π|

where |.| is the number of blocks.
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Proof. The moments of the Poisson law pt with t > 0 are given by:

Mk = e−t
∑
r

trrk

r!

We have the following recurrence formula for these moments:

Mk+1 = e−t
∑
r

tr+1(r + 1)k+1

(r + 1)!

= e−t
∑
r

tr+1rk

r!

(
1 +

1

r

)k

= e−t
∑
r

tr+1rk

r!

∑
s

(
k

s

)
r−s

=
∑
s

(
k

s

)
· e−t

∑
r

tr+1rk−s

r!

= t
∑
s

(
k

s

)
Mk−s

Regarding now the initial values, the first moment of pt is given by:

M1 = e−t
∑
r

trr

r!
= e−t

∑
r

tr

(r − 1)!
= t

Now by using the above recurrence we obtain from this:

M2 = t
∑
s

(
1

s

)
Mk−s = t(1 + t) = t+ t2

On the other hand, consider the numbers in the statement, namely:

Sk =
∑

π∈P (k)

t|π|

Since a partition of {1, . . . , k + 1} appears by choosing s neighbors for 1, among the
k numbers available, and then partitioning the k − s elements left, we have:

Sk+1 = t
∑
s

(
k

s

)
Sk−s

As for the initial values of these numbers, these are S1 = t, S2 = t + t2. Thus the
initial values coincide, and so these numbers are the moments of pt, as stated. □

Summarizing, we have so far a quite good understanding of discrete probability theory.
Of course, this is just the beginning of things, and we will be back to this, later.
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1d. Further distributions

We would like to discuss now some technical generalizations of the main laws that we
saw so far, namely the binomial ones and the Poisson ones.

To start with, we can talk about negative binomial laws, also called Pascal laws. Many
things can be said about these, in analogy with what we know about binomial laws.

In relation with Poisson laws, we have work to do too. Indeed, we have the following
notion, extending the Poisson limit theory developed in the previous section:

Definition 1.27. Associated to any compactly supported positive measure ν on C,
not necessarily of mass 1, is the probability measure

pν = lim
n→∞

((
1− t

n

)
δ0 +

1

n
ν

)∗n

where t = mass(ν), called compound Poisson law.

In what follows we will be mainly interested in the case where the measure ν is discrete,
as is for instance the case for ν = tδ1 with t > 0, which produces the Poisson laws. The
following standard result allows one to detect compound Poisson laws:

Proposition 1.28. For ν =
∑s

i=1 tiδzi with ti > 0 and zi ∈ C, we have

Fpν (y) = exp

(
s∑

i=1

ti(e
iyzi − 1)

)
where F denotes the Fourier transform.

Proof. Let ηn be the measure in Definition 1.27, under the convolution sign:

ηn =

(
1− t

n

)
δ0 +

1

n
ν

We have then the following computation:

Fηn(y) =

(
1− t

n

)
+

1

n

s∑
i=1

tie
iyzi =⇒ Fη∗nn (y) =

((
1− t

n

)
+

1

n

s∑
i=1

tie
iyzi

)n

=⇒ Fpν (y) = exp

(
s∑

i=1

ti(e
iyzi − 1)

)
Thus, we have obtained the formula in the statement. □

We have as well the following result, providing an alternative to Definition 1.27, and
which will be our formulation here of the Compound Poisson Limit Theorem:
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Theorem 1.29 (CPLT). For ν =
∑s

i=1 tiδzi with ti > 0 and zi ∈ C, we have

pν = law

(
s∑

i=1

ziαi

)
where the variables αi are Poisson (ti), independent.

Proof. Let α be the sum of Poisson variables in the statement, namely:

α =
s∑

i=1

ziαi

By using some standard Fourier transform formulae, we have:

Fαi
(y) = exp(ti(e

iy − 1)) =⇒ Fziαi
(y) = exp(ti(e

iyzi − 1))

=⇒ Fα(y) = exp

(
s∑

i=1

ti(e
iyzi − 1)

)
Thus we have indeed the same formula as in Proposition 1.28, as desired. □

At the level of main examples of compound Poisson laws, we have:

Definition 1.30. The Bessel law of level s ∈ N ∪ {∞} and parameter t > 0 is

bst = ptεs

with εs being the uniform measure on the s-th roots of unity. The measures

bt = b2t , Bt = b∞t

are called real Bessel law, and complex Bessel law.

In practice now, we first have to study the measures bst in our standard way, meaning
density, moments, Fourier, semigroup property, limiting theorems, and other aspects. In
what regards limiting theorems, the measures bst appear by definition via the CPLT, so
done with that. As a consequence of this, however, let us record:

Proposition 1.31. The Bessel laws are given by

bst = law

(
s∑

k=1

wkak

)
where a1, . . . , as are Poisson (t) independent, and w = e2πi/s.

Proof. This follows indeed from Theorem 1.29. □

Many other things can be said about the Bessel laws. We will be back to this.

Finally, we can talk about hypergeometric laws. Again, we will be back to this.
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1e. Exercises

This was a standard introduction to discrete probability, and as exercises, we have:

Exercise 1.32. Compute all probabilities at poker.

Exercise 1.33. Compute the moments of binomial laws.

Exercise 1.34. Compute the moments of negative binomial laws.

Exercise 1.35. Compute the moments of real Bessel laws.

Exercise 1.36. Compute the moments of complex Bessel laws.

Exercise 1.37. Compute the moments of general Bessel laws.

Exercise 1.38. What can you say about the moments of compound Poisson laws?

Exercise 1.39. Compute the moments of hypergeometric laws.

As bonus exercise, look up and learn some more discrete laws, not discussed here.



CHAPTER 2

Continuous laws

2a. Continuous laws

Let us discuss now the continuous theory. The fundamental result in probability is
the Central Limit Theorem (CLT), and our first task will be that of explaining this. With
the idea in mind of doing things a bit abstractly, our starting point will be:

Definition 2.1. Let X be a probability space, that is, a space with a probability mea-
sure, and with the corresponding integration denoted E, and called expectation.

(1) The random variables are the real functions f ∈ L∞(X).
(2) The moments of such a variable are the numbers Mk(f) = E(fk).
(3) The law of such a variable is the measure given by Mk(f) =

∫
R x

kdµf (x).

Here the fact that µf exists indeed is well-known. By linearity, we would like to have
a real probability measure making hold the following formula, for any P ∈ R[X]:

E(P (f)) =

∫
R
P (x)dµf (x)

By using a standard continuity argument, it is enough to have this formula for the
characteristic functions χI of the measurable sets of real numbers I ⊂ R:

E(χI(f)) =

∫
R
χI(x)dµf (x)

But this latter formula, which reads P (f ∈ I) = µf (I), can serve as a definition for
µf , and we are done. Alternatively, assuming some familiarity with measure theory, µf is
the push-forward of the probability measure on X, via the function f : X → R.

Next in line, we need to talk about independence. We can do this as follows:

Definition 2.2. Two variables f, g ∈ L∞(X) are called independent when

E(fkgl) = E(fk)E(gl)

happens, for any k, l ∈ N.

Again, this definition hides some non-trivial things. Indeed, by linearity, we would
like to have a formula as follows, valid for any polynomials P,Q ∈ R[X]:

E[P (f)Q(g)] = E[P (f)]E[Q(g)]

33
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By using a continuity argument, it is enough to have this formula for characteristic
functions χI , χJ of the measurable sets of real numbers I, J ⊂ R:

E[χI(f)χJ(g)] = E[χI(f)]E[χJ(g)]

Thus, we are led to the usual definition of independence, namely:

P (f ∈ I, g ∈ J) = P (f ∈ I)P (g ∈ J)

All this might seem a bit abstract, but in practice, the idea is of course that f, g must
be independent, in an intuitive, real-life sense. As a first result now, we have:

Proposition 2.3. Assuming that f, g ∈ L∞(X) are independent, we have

µf+g = µf ∗ µg

where ∗ is the convolution of real probability measures.

Proof. We have the following computation, using the independence of f, g:

Mk(f + g) = E((f + g)k)

=
∑
r

(
k

r

)
E(f rgk−r)

=
∑
r

(
k

r

)
Mr(f)Mk−r(g)

On the other hand, by using the Fubini theorem, we have as well:∫
R
xkd(µf ∗ µg)(x) =

∫
R×R

(x+ y)kdµf (x)dµg(y)

=
∑
r

(
k

r

)∫
R
xrdµf (x)

∫
R
yk−rdµg(y)

=
∑
r

(
k

r

)
Mr(f)Mk−r(g)

Thus µf+g and µf ∗ µg have the same moments, so they coincide, as desired. □

Here is now a second result on independence, which is something more advanced:

Theorem 2.4. Assuming that f, g ∈ L∞(X) are independent, we have

Ff+g = FfFg

where Ff (x) = E(eixf ) is the Fourier transform.
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Proof. We have the following computation, using Proposition 2.3 and Fubini:

Ff+g(x) =

∫
R
eixzdµf+g(z)

=

∫
R
eixzd(µf ∗ µg)(z)

=

∫
R×R

eix(z+t)dµf (z)dµg(t)

=

∫
R
eixzdµf (z)

∫
R
eixtdµg(t)

= Ff (x)Fg(x)

Thus, we are led to the conclusion in the statement. □

This was for the foundations of probability theory, quickly explained. For further
reading, a classical book is Feller [31]. A nice, more modern book is Durrett [28].

2b. Central limits

The main result in classical probability is the Central Limit Theorem (CLT), that we
will explain now. Let us first discuss the normal distributions, that we will see later to
appear as limiting laws in the CLT. We will need the following standard result:

Theorem 2.5. We have the following formula,∫
R
e−x2

dx =
√
π

called Gauss integral formula.

Proof. Let I be the integral in the statement. By using polar coordinates, namely
x = r cos t, y = r sin t, with the corresponding Jacobian being r, we have:

I2 =

∫
R

∫
R
e−x2−y2dxdy

=

∫ 2π

0

∫ ∞

0

e−r2r drdt

= 2π

∫ ∞

0

(
−e

−r2

2

)′

dr

= π

Thus, we are led to the formula in the statement. □

We can now introduce the normal distributions, as follows:
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Definition 2.6. The normal law of parameter 1 is the following measure:

g1 =
1√
2π
e−x2/2dx

More generally, the normal law of parameter t > 0 is the following measure:

gt =
1√
2πt

e−x2/2tdx

These are also called Gaussian distributions, with “g” standing for Gauss.

The above laws are usually denoted N (0, 1) and N (0, t), but since we will be doing
in this book all kinds of probability, we will use simplified notations for all our measures.
Let us mention as well that the normal laws traditionally have 2 parameters, the mean
and the variance, but here we will not need the mean, all our theory using centered laws.
Finally, observe that the above laws have indeed mass 1, as they should, due to:∫

R
e−x2/2tdx =

∫
R
e−y2

√
2t dy =

√
2πt

Generally speaking, the normal laws appear as bit everywhere, in real life. The reasons
for this come from the Central Limit Theorem (CLT), that we will explain in a moment,
after developing some more general theory. As a first result, we have:

Proposition 2.7. We have the variance formula

V (gt) = t

valid for any t > 0.

Proof. The first moment is 0, because our normal law gt is centered. As for the
second moment, this can be computed as follows:

M2 =
1√
2πt

∫
R
x2e−x2/2tdx

=
1√
2πt

∫
R
(tx)

(
−e−x2/2t

)′
dx

=
1√
2πt

∫
R
te−x2/2tdx

= t

We conclude from this that the variance is V =M2 = t. □

Here is another result, which is widely useful in practice:

Theorem 2.8. We have the following formula, valid for any t > 0:

Fgt(x) = e−tx2/2

In particular, the normal laws satisfy gs ∗ gt = gs+t, for any s, t > 0.
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Proof. The Fourier transform formula can be established as follows:

Fgt(x) =
1√
2πt

∫
R
e−z2/2t+ixzdz

=
1√
2πt

∫
R
e−(z/

√
2t−

√
t/2 iz)2−tx2/2dz

=
1√
2πt

∫
R
e−y2−tx2/2

√
2t dy

=
1√
π
e−tx2/2

∫
R
e−y2dy

= e−tx2/2

As for gs ∗ gt = gs+t, this follows via Theorem 2.4, logFgt being linear in t. □

We are now ready to state and prove the CLT, as follows:

Theorem 2.9 (CLT). Given real variables f1, f2, f3, . . . ∈ L∞(X) which are i.i.d.,
centered, and with common variance t > 0, we have

1√
n

n∑
i=1

fi ∼ gt

with n→ ∞, in moments.

Proof. In terms of moments, the Fourier transform is given by:

Ff (x) = E

(
∞∑
r=0

(ixf)r

r!

)

=
∞∑
r=0

(ix)rE(f r)

r!

=
∞∑
r=0

irMr(f)

r!
xr

Thus, the Fourier transform of the variable in the statement is:

F (x) =

[
Ff

(
x√
n

)]n
=

[
1− tx2

2n
+O(n−2)

]n
≃ e−tx2/2

But this function being the Fourier transform of gt, we obtain the result. □

Let us discuss now some further properties of the normal law. We first have:
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Proposition 2.10. The even moments of the normal law are the numbers

Mk(gt) = tk/2 × k!!

where k!! = (k − 1)(k − 3)(k − 5) . . . , and the odd moments vanish.

Proof. We have the following computation, valid for any integer k ∈ N:

Mk =
1√
2πt

∫
R
yke−y2/2tdy

=
1√
2πt

∫
R
(tyk−1)

(
−e−y2/2t

)′
dy

=
1√
2πt

∫
R
t(k − 1)yk−2e−y2/2tdy

= t(k − 1)× 1√
2πt

∫
R
yk−2e−y2/2tdy

= t(k − 1)Mk−2

Now recall from the proof of Proposition 2.7 that we have M0 = 1, M1 = 0. Thus by
recurrence, we are led to the formula in the statement. □

We have the following alternative formulation of the above result:

Proposition 2.11. The moments of the normal law are the numbers

Mk(gt) = tk/2|P2(k)|
where P2(k) is the set of pairings of {1, . . . , k}.

Proof. Let us count the pairings of {1, . . . , k}. In order to have such a pairing, we
must pair 1 with one of the numbers 2, . . . , k, and then use a pairing of the remaining
k − 2 numbers. Thus, we have the following recurrence formula:

|P2(k)| = (k − 1)|P2(k − 2)|
As for the initial data, this is P1 = 0, P2 = 1. Thus, we are led to the result. □

We are not done yet, and here is one more improvement of the above:

Theorem 2.12. The moments of the normal law are the numbers

Mk(gt) =
∑

π∈P2(k)

t|π|

where P2(k) is the set of pairings of {1, . . . , k}, and |.| is the number of blocks.

Proof. This follows indeed from Proposition 2.11, because the number of blocks of
a pairing of {1, . . . , k} is trivially k/2, independently of the pairing. □

We will see later in this book that many other interesting probability distributions are
subject to similar formulae regarding their moments, involving partitions.
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2c. Rayleigh variables

Regarding now the Rayleigh laws, we have the following result:

Theorem 2.13. The moments of the Rayleigh law, given by

Rt = law

(
a2 + b2

2

)
with a, b ∼ gt, independent, are given by the following formula, at t = 1,

Mp = p!

and are given by the formula Mp = tpp!, in general.

Proof. We have indeed the following computation, to start with:

Mp =
1

2p

∫
(a2 + b2)p

=
1

2p

∑
r

(
p

r

)∫
a2r
∫
b2p−2r

=
1

2p

∑
r

(
p

r

)
(2r)!!(2p− 2r)!!

=
1

2p

∑
r

p!

r!(p− r)!
· (2r)!
2rr!

· (2p− 2r)!

2p−r(p− r)!

=
p!

4p

∑
r

(
2r

r

)(
2p− 2r

p− r

)
In order to finish now the computation, let us recall that we have the following formula,

coming from the generalized binomial formula, or from the Taylor formula:

1√
1 + t

=
∞∑
q=0

(
2q

q

)(
−t
4

)q

By taking the square of this series, we obtain the following formula:

1

1 + t
=
∑
p

(
−t
4

)p∑
r

(
2r

r

)(
2p− 2r

p− r

)
Now by looking at the coefficient of tp on both sides, we conclude that the sum on the

right equals 4p. Thus, we can finish our moment computation, as follows:

Mp =
p!

4p
× 4p = p!

We are therefore led to the conclusion in the statement. □
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2d. Further distributions

Further distributions.

2e. Exercises

Exercises:

Exercise 2.14.

Exercise 2.15.

Exercise 2.16.

Exercise 2.17.

Exercise 2.18.

Exercise 2.19.

Exercise 2.20.

Exercise 2.21.

Bonus exercise.



CHAPTER 3

Stieltjes inversion

3a. Complex analysis

Complex analysis.

3b. Cauchy transform

Cauchy transform.

3c. Stieltjes inversion

We have learned some basic probability in chapters 1-2, and in view of the material
there, an interesting question is how to recover a probability measure out of its moments.
And the answer here, which is something non-trivial, is as follows:

Theorem 3.1. The density of a real probability measure µ can be recaptured from the
sequence of moments {Mk}k≥0 via the Stieltjes inversion formula

dµ(x) = lim
t↘0

− 1

π
Im (G(x+ it)) · dx

where the function on the right, given in terms of moments by

G(ξ) = ξ−1 +M1ξ
−2 +M2ξ

−3 + . . .

is the Cauchy transform of the measure µ.

Proof. The Cauchy transform of our measure µ is given by:

G(ξ) = ξ−1

∞∑
k=0

Mkξ
−k

=

∫
R

ξ−1

1− ξ−1y
dµ(y)

=

∫
R

1

ξ − y
dµ(y)

41
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Now with ξ = x+ it, we obtain the following formula:

Im(G(x+ it)) =

∫
R
Im

(
1

x− y + it

)
dµ(y)

=

∫
R

1

2i

(
1

x− y + it
− 1

x− y − it

)
dµ(y)

= −
∫
R

t

(x− y)2 + t2
dµ(y)

By integrating over [a, b] we obtain, with the change of variables x = y + tz:∫ b

a

Im(G(x+ it))dx = −
∫
R

∫ b

a

t

(x− y)2 + t2
dx dµ(y)

= −
∫
R

∫ (b−y)/t

(a−y)/t

t

(tz)2 + t2
t dz dµ(y)

= −
∫
R

∫ (b−y)/t

(a−y)/t

1

1 + z2
dz dµ(y)

= −
∫
R

(
arctan

b− y

t
− arctan

a− y

t

)
dµ(y)

Now observe that with t↘ 0 we have:

lim
t↘0

(
arctan

b− y

t
− arctan

a− y

t

)
=



π
2
− π

2
= 0 (y < a)

π
2
− 0 = π

2
(y = a)

π
2
− (−π

2
) = π (a < y < b)

0− (−π
2
) = π

2
(y = b)

−π
2
− (−π

2
) = 0 (y > b)

We therefore obtain the following formula:

lim
t↘0

∫ b

a

Im(G(x+ it))dx = −π
(
µ(a, b) +

µ(a) + µ(b)

2

)
Thus, we are led to the conclusion in the statement. □

There is a discussion here regarding the atoms, too.

3d. Basic illustrations

Getting back now to more concrete things, the point is that we have:
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Fact 3.2. Given a graph X, with distinguished vertex ∗, we can talk about the proba-
bility measure µ having as k-th moment the number of length k loops based at ∗:

Mk =
{
∗ −i1 − i2 − . . .− ik = ∗

}
As basic examples, for the graph N the moments must be the Catalan numbers Ck, and
for the graph Z, the moments must be the central binomial coefficients Dk.

To be more precise, the first assertion, regarding the existence and uniqueness of µ,
follows from a basic linear algebra computation, by diagonalizing the adjacency matrix of
X. As for the examples, we will leave them as an instructive exercise.

Needless to say, counting loops on graphs, as in Fact 3.2, is something important in
applied mathematics, and physics. So, back to our business now, motivated by all this,
as a basic application of the Stieltjes formula, let us solve the moment problem for the
Catalan numbers Ck, and for the central binomial coefficients Dk. We first have:

Theorem 3.3. The real measure having as even moments the Catalan numbers, Ck =
1

k+1

(
2k
k

)
, and having all odd moments 0 is the measure

γ1 =
1

2π

√
4− x2dx

called Wigner semicircle law on [−2, 2].

Proof. In order to apply the inversion formula, our starting point will be the well-
known formula for the generating series of the Catalan numbers, namely:

∞∑
k=0

Ckz
k =

1−
√
1− 4z

2z

By using this formula with z = ξ−2, we obtain the following formula:

G(ξ) = ξ−1

∞∑
k=0

Ckξ
−2k

= ξ−1 · 1−
√

1− 4ξ−2

2ξ−2

=
ξ

2

(
1−

√
1− 4ξ−2

)
=

ξ

2
− 1

2

√
ξ2 − 4

Now let us apply Theorem 3.1. The study here goes as follows:

(1) According to the general philosophy of the Stieltjes formula, the first term, namely
ξ/2, which is “trivial”, will not contribute to the density.
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(2) As for the second term, which is something non-trivial, this will contribute to the

density, the rule here being that the square root
√
ξ2 − 4 will be replaced by the “dual”

square root
√
4− x2 dx, and that we have to multiply everything by −1/π.

(3) As a conclusion, by Stieltjes inversion we obtain the following density:

dµ(x) = − 1

π
· −1

2

√
4− x2 dx =

1

2π

√
4− x2dx

Thus, we have obtained the mesure in the statement, and we are done. □

We have the following version of the above result:

Theorem 3.4. The real measure having as sequence of moments the Catalan numbers,
Ck =

1
k+1

(
2k
k

)
, is the measure

π1 =
1

2π

√
4x−1 − 1 dx

called Marchenko-Pastur law on [0, 4].

Proof. As before, we use the standard formula for the generating series of the Catalan
numbers. With z = ξ−1 in that formula, we obtain the following formula:

G(ξ) = ξ−1

∞∑
k=0

Ckξ
−k

= ξ−1 · 1−
√
1− 4ξ−1

2ξ−1

=
1

2

(
1−

√
1− 4ξ−1

)
=

1

2
− 1

2

√
1− 4ξ−1

With this in hand, let us apply now the Stieltjes inversion formula, from Theorem 3.1.
We obtain, a bit as before in Theorem 3.3, the following density:

dµ(x) = − 1

π
· −1

2

√
4x−1 − 1 dx =

1

2π

√
4x−1 − 1 dx

Thus, we are led to the conclusion in the statement. □

Regarding now the central binomial coefficients, we have here:

Theorem 3.5. The real probability measure having as moments the central binomial
coefficients, Dk =

(
2k
k

)
, is the measure

α1 =
1

π
√
x(4− x)

dx

called arcsine law on [0, 4].
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Proof. We have the following computation, using some standard formulae:

G(ξ) = ξ−1

∞∑
k=0

Dkξ
−k

=
1

ξ

∞∑
k=0

Dk

(
− t

4

)k

=
1

ξ
· 1√

1− 4/ξ

=
1√

ξ(ξ − 4)

But this gives the density in the statement, via Theorem 3.1. □

Finally, we have the following version of the above result:

Theorem 3.6. The real probability measure having as moments the middle binomial
coefficients, Ek =

(
k

[k/2]

)
, is the following law on [−2, 2],

σ1 =
1

2π

√
2 + x

2− x
dx

called modified the arcsine law on [−2, 2].

Proof. In terms of the central binomial coefficients Dk, we have:

E2k =

(
2k

k

)
=

(2k)!

k!k!
= Dk

E2k−1 =

(
2k − 1

k

)
=

(2k − 1)!

k!(k − 1)!
=
Dk

2

Standard calculus based on the Taylor formula for (1 + t)−1/2 gives:

1

2x

(√
1 + 2x

1− 2x
− 1

)
=

∞∑
k=0

Ekx
k
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With x = ξ−1 we obtain the following formula for the Cauchy transform:

G(ξ) = ξ−1

∞∑
k=0

Ekξ
−k

=
1

ξ

(√
1 + 2/ξ

1− 2/ξ
− 1

)

=
1

ξ

(√
ξ + 2

ξ − 2
− 1

)
By Stieltjes inversion we obtain the density in the statement. □

There are of course many other illustrations, for the Stieltjes inversion formula.

3e. Exercises

Exercises:

Exercise 3.7.

Exercise 3.8.

Exercise 3.9.

Exercise 3.10.

Exercise 3.11.

Exercise 3.12.

Exercise 3.13.

Exercise 3.14.

Bonus exercise.
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Hankel determinants

4a. Functional analysis

Functional analysis.

4b. Hankel determinants

The Stieltjes inversion formula does not fully solve the moment problem, because we
still have the question of understanding when a sequence of numbers M1,M2,M3, . . . can
be the moments of a measure µ. For instance, E ≥ 0 shows that must have:

M2 ≥M2
1

In answer now, we have the following result:

Theorem 4.1. A sequence of numbers M0,M1,M2,M3, . . . ∈ R, with M0 = 1, is the
series of moments of a real probability measure µ precisely when:

∣∣M0

∣∣ ≥ 0 ,

∣∣∣∣M0 M1

M1 M2

∣∣∣∣ ≥ 0 ,

∣∣∣∣∣∣
M0 M1 M2

M1 M2 M3

M2 M3 M4

∣∣∣∣∣∣ ≥ 0 , . . .

That is, the associated Hankel determinants must be all positive.

Proof. This is something a bit more advanced, the idea being as follows:

(1) As a first observation, the positivity conditions in the statement tell us that the
following associated linear forms must be positive:

n∑
i,j=1

cic̄jMi+j ≥ 0

(2) But this is something very classical, in one sense the result being elementary,
coming from the following computation, which shows that we have positivity indeed:∫

R

∣∣∣∣∣
n∑

i=1

cix
i

∣∣∣∣∣
2

dµ(x) =

∫
R

n∑
i,j=1

cic̄jx
i+jdµ(x) =

n∑
i,j=1

cic̄jMi+j

(3) As for the other sense, here the result comes once again from the above formula,
this time via some standard functional analysis. □
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4c. Basic computations

Basic computations.

4d. The moment problem

The moment problem.

4e. Exercises

Exercises:

Exercise 4.2.

Exercise 4.3.

Exercise 4.4.

Exercise 4.5.

Exercise 4.6.

Exercise 4.7.

Exercise 4.8.

Exercise 4.9.

Bonus exercise.



Part II

Partitions, cumulants





CHAPTER 5

Cumulants

5a. Cumulants

Getting back to the basics now, probability and combinatorics at large, of quite general
type, we have here the following key definition, due to Rota:

Definition 5.1. Associated to any real probability measure µ = µf is the following
modification of the logarithm of the Fourier transform Fµ(ξ) = E(eiξf ),

Kµ(ξ) = logE(eξf )

called cumulant-generating function. The Taylor coefficients kn(µ) of this series, given by

Kµ(ξ) =
∞∑
n=1

kn(µ)
ξn

n!

are called cumulants of the measure µ. We also use the notations kf , Kf for these cumu-
lants and their generating series, where f is a variable following the law µ.

In other words, the cumulants are more or less the coefficients of the logarithm of
the Fourier transform logFµ, up to some normalizations. To be more precise, we have
Kµ(ξ) = logFµ(−iξ), so the formula relating logFµ to the cumulants kn(µ) is:

logFµ(−iξ) =
∞∑
n=1

kn(µ)
ξn

n!

Equivalently, the formula relating logFµ to the cumulants kn(µ) is:

logFµ(ξ) =
∞∑
n=1

kn(µ)
(iξ)n

n!

We will see in a moment the reasons for the above normalizations, namely change of
variables ξ → −iξ, and Taylor coefficients instead of plain coefficients, the idea being that
for simple laws like gt, pt, we will obtain in this way very simple quantities. Let us also
mention that there is a reason for indexing the cumulants by n = 1, 2, 3, . . . instead of
n = 0, 1, 2, . . . , and more on this later, once we will have some theory and examples.

As a first observation, the sequence of cumulants k1, k2, k3, . . . appears as a modifica-
tion of the sequence of moments M1,M2,M3, . . . , the numerics being as follows:

51
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Proposition 5.2. The sequence of cumulants k1, k2, k3, . . . appears as a modification
of the sequence of moments M1,M2,M3, . . . , and uniquely determines µ. We have

k1 =M1

k2 = −M2
1 +M2

k3 = 2M3
1 − 3M1M2 +M3

k4 = −6M4
1 + 12M2

1M2 − 3M2
2 − 4M1M3 +M4

...

in one sense, and in the other sense we have

M1 = k1

M2 = k21 + k2

M3 = k31 + 3k1k2 + k3

M4 = k41 + 6k21k2 + 3k22 + 4k1k3 + k4

...

with in both cases the correspondence being polynomial, with integer coefficients.

Proof. Here all the theoretical assertions regarding moments and cumulants are clear
from definitions, and the numerics are clear from definitions too. To be more precise, we
know from Definition 5.1 that the cumulants are defined by the following formula:

logE(eξf ) =
∞∑
s=1

ks(f)
ξs

s!

By exponentiating, we obtain from this the following formula:

E(eξf ) = exp

(
∞∑
s=1

ks(f)
ξs

s!

)
Now by looking at the terms of order 1, 2, 3, 4, this gives the above formulae. □

Obviously, there should be some explicit formulae for the correspondences in Propo-
sition 5.2. This is indeed the case, but things here are quite tricky, and we will discuss
this later, once we will have enough motivations for the study of the cumulants.
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5b. Basic examples

In order to get familiar with the cumulants, let us work out some examples. In what
regards the basic probability measures, that we know from Part I, the cumulants are
always given by simple formulae, as shown by the following result:

Theorem 5.3. The sequence of cumulants k1, k2, k3, . . . is as follows:

(1) For µ = δc the cumulants are c, 0, 0, . . .
(2) For µ = gt the cumulants are 0, t, 0, 0, . . .
(3) For µ = pt the cumulants are t, t, t, . . .
(4) For µ = bt the cumulants are 0, t, 0, t, . . .

Proof. We have 4 computations to be done, the idea being as follows:

(1) For µ = δc we have the following computation:

Kµ(ξ) = logE(ecξ)

= log(ecξ)

= cξ

But the plain coefficients of this series are the numbers c, 0, 0, . . . , and so the Taylor
coefficients of this series are these same numbers c, 0, 0, . . . , as claimed.

(2) For µ = gt we have the following computation:

Kµ(ξ) = logFµ(−iξ)
= log exp

[
−t(−iξ)2/2

]
= tξ2/2

But the plain coefficients of this series are the numbers 0, t/2, 0, 0, . . . , and so the
Taylor coefficients of this series are the numbers 0, t, 0, 0, . . . , as claimed.

(3) For µ = pt we have the following computation:

Kµ(ξ) = logFµ(−iξ)
= log exp

[
(ei(−iξ) − 1)t

]
= (eξ − 1)t

But the plain coefficients of this series are the numbers t/n!, and so the Taylor coeffi-
cients of this series are the numbers t, t, t, . . . , as claimed.
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(4) For µ = bt we have the following computation:

Kµ(ξ) = logFµ(−iξ)

= log exp

[(
eξ + e−ξ

2
− 1

)
t

]
=

(
eξ + e−ξ

2
− 1

)
t

But the plain coefficients of this series are the numbers (1+ (−1)n)t/n!, so the Taylor
coefficients of this series are the numbers 0, t, 0, t, . . . , as claimed. □

5c. Linearization

The interest in cumulants comes from the fact that logFµ, and so the cumulants kn(µ)
too, linearize the convolution. To be more precise, we have the following result:

Theorem 5.4. The cumulants have the following properties:

(1) kn(cf) = cnkn(f).
(2) k1(f + d) = k1(f) + d, and kn(f + d) = kn(f) for n > 1.
(3) kn(f + g) = kn(f) + kn(g), if f, g are independent.

Proof. Here (1) and (2) are both clear from definitions, because we have the following
computation, valid for any c, d ∈ R, which gives the results:

Kcf+d(ξ) = logE(eξ(cf+d))

= log[eξd · E(eξcf )]
= ξd+Kf (cξ)

As for (3), this follows from the fact that the Fourier transform Ff (ξ) = E(eiξf )
satisfies the following formula, whenever f, g are independent random variables:

Ff+g(ξ) = Ff (ξ)Fg(ξ)

Indeed, by applying the logarithm, we obtain the following formula:

logFf+g(ξ) = logFf (ξ) + logFg(ξ)

With the change of variables ξ → −iξ, we obtain the following formula:

Kf+g(ξ) = Kf (ξ) +Kg(ξ)

Thus, at the level of coefficients, we obtain kn(f + g) = kn(f)+ kn(g), as claimed. □
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5d. Further examples

We have the following result, generalizing Theorem 5.3 (3) and (4), and which is
something very useful, when dealing with the compound Poisson laws:

Theorem 5.5. For a compound Poisson law pν we have

kn(pν) =Mn(ν)

valid for any integer n ≥ 1.

Proof. We recall from the end of chapter 1 that associated to any compactly sup-
ported positive measure ν on R, which is not necessarily of mass 1, is the following
probability measure, where t = mass(ν), called compound Poisson law:

pν = lim
n→∞

((
1− t

n

)
δ0 +

1

n
ν

)∗n

In relation with our problem, we can assume, by using a continuity argument, that
our measure ν is discrete, as follows, with ti > 0 and zi ∈ R, and the sum being finite:

ν =
∑
i

tiδzi

In this case, according to the compound PLT from chapter 1, we have the following
formula, with the variables αi being Poisson (ti), and independent:

pν = law

(
s∑

i=1

ziαi

)

Finally, let us recall as well from chapter 1 the formula of the Fourier transform of pν ,
which is as follows, and which can be used for proving the compound CLT:

Fpν (y) = exp

(
s∑

i=1

ti(e
iyzi − 1)

)
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By using now this Fourier transform formula for pν , we obtain:

Kpν (ξ) = logFpν (−iξ)

= log exp

[∑
i

ti(e
ξzi − 1)

]

=
∑
i

ti
∑
n≥1

(ξzi)
n

n!

=
∑
n≥1

ξn

n!

∑
i

tiz
n
i

=
∑
n≥1

ξn

n!
Mn(ν)

Thus, we are led to the conclusion in the statement. □

5e. Exercises

Exercises:

Exercise 5.6.

Exercise 5.7.

Exercise 5.8.

Exercise 5.9.

Exercise 5.10.

Exercise 5.11.

Exercise 5.12.

Exercise 5.13.

Bonus exercise.



CHAPTER 6

Inversion formula

6a. Sets, partitions

Getting back to theory now, the sequence of cumulants k1, k2, k3, . . . appears as a
modification of the sequence of moments M1,M2,M3, . . . , and understanding the relation
between moments and cumulants will be our next task. We recall from chapter 5 that we
have the following formulae, for the cumulants in terms of moments:

k1 =M1

k2 = −M2
1 +M2

k3 = 2M3
1 − 3M1M2 +M3

k4 = −6M4
1 + 12M2

1M2 − 3M2
2 − 4M1M3 +M4

...

Also, we have the following formulae, for the moments in terms of cumulants:

M1 = k1

M2 = k21 + k2

M3 = k31 + 3k1k2 + k3

M4 = k41 + 6k21k2 + 3k22 + 4k1k3 + k4

...

In order to understand what exactly is going on, with moments and cumulants, which
reminds a bit the Möbius inversion formula, we need to do some combinatorics, in relation
with the set-theoretic partitions. We first have the following definition:

Definition 6.1. The Möbius function of any lattice, and so of P , is given by

µ(π, ν) =


1 if π = ν

−
∑

π≤τ<ν µ(π, τ) if π < ν

0 if π ̸≤ ν

with the construction being performed by recurrence.
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Thus, what we have is in fact a Möbius matrix, Mπν = µ(π, ν). As a first example,
the Möbius matrix Mπν = µ(π, ν) of the lattice P (2) = {||,⊓} is as follows:

M =

(
1 −1
0 1

)
At k = 3 now, we have the following formula for the Möbius matrix Mπν = µ(π, ν),

once again written with the indices picked increasing in P (3) = {|||,⊓|,⊓| , |⊓,⊓⊓}:

M =


1 −1 −1 −1 2
0 1 0 0 −1
0 0 1 0 −1
0 0 0 1 −1
0 0 0 0 1


In general now, the Möbius matrix of P (k) looks a bit like the above matrices at

k = 2, 3, being upper triangular, with 1 on the diagonal, and so on.

6b. Möbius function

Back to the general case now, the main interest in the Möbius function comes from
the Möbius inversion formula, which can be formulated as follows:

Theorem 6.2. We have the following implication,

f(π) =
∑
ν≤π

g(ν) =⇒ g(π) =
∑
ν≤π

µ(ν, π)f(ν)

valid for any two functions f, g : P (n) → C.

Proof. The above formula is in fact a linear algebra result, so let us start with some
linear algebra. Consider the adjacency matrix of P , given by the following formula:

Aπν =

{
1 if π ≤ ν

0 if π ̸≤ ν

Our claim is that the inverse of this matrix is the Möbius matrix of P , given by:

Mπν = µ(π, ν)

Indeed, the above matrix A is upper triangular, and when trying to invert it, we are
led to the recurrence in Definition 6.1, so to the Möbius matrix M . Thus we have:

M = A−1

Now by applying this equality of matrices to vectors, regarded as complex functions
on P (n), we are led to the inversion formula in the statement. □
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As a first illustration, for P (2) the formula M = A−1 appears as follows:(
1 −1
0 1

)
=

(
1 1
0 1

)−1

At k = 3 now, the formula M = A−1 for P (3) reads:
1 −1 −1 −1 2
0 1 0 0 −1
0 0 1 0 −1
0 0 0 1 −1
0 0 0 0 1

 =


1 1 1 1 1
0 1 0 0 1
0 0 1 0 1
0 0 0 1 1
0 0 0 0 1


−1

In general, the inversion formula M = A−1 looks quite similar.

6c. Inversion formula

With the above ingredients in hand, let us go back to probability. We first have:

Definition 6.3. We define quantities Mπ(f), kπ(f), depending on partitions

π ∈ P (k)

by starting with Mn(f), kn(f), and using multiplicativity over the blocks.

To be more precise, the convention here is that for the one-block partition 1n ∈ P (n),
the corresponding moment and cumulant are the usual ones, namely:

M1n(f) =Mn(f) , k1n(f) = kn(f)

Then, for an arbitrary partition π ∈ P (k), we decompose this partition into blocks,
having sizes b1, . . . , bs, and we set, by multiplicativity over blocks:

Mπ(f) =Mb1(f) . . .Mbs(f) , kπ(f) = kb1(f) . . . kbs(f)

With this convention, following Rota and others, we can now formulate a key result,
fully clarifying the relation between moments and cumulants, as follows:

Theorem 6.4. We have the moment-cumulant formulae

Mn(f) =
∑

ν∈P (n)

kν(f) , kn(f) =
∑

ν∈P (n)

µ(ν, 1n)Mν(f)

or, equivalently, we have the moment-cumulant formulae

Mπ(f) =
∑
ν≤π

kν(f) , kπ(f) =
∑
ν≤π

µ(ν, π)Mν(f)

where µ is the Möbius function of P (n).
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Proof. There are several things going on here, the idea being as follows:

(1) First, it is clear from our conventions, from Definition 6.3, that the first set of
formulae is equivalent to the second set of formulae, by multiplicativity over blocks.

(2) The other observation is that, due to the Möbius inversion formula, from Theorem
6.2, in the second set of formulae, the two formulae there are in fact equivalent.

(3) Summarizing, the 4 formulae in the statement are all equivalent. In what follows
we will focus on the first 2 formulae, which are the most useful, in practice.

(4) Let us first work out some examples. At n = 1, 2, 3 the moment formula gives the
following equalities, which are in tune with the numerics:

M1 = k| = k1

M2 = k| | + k⊓ = k21 + k2

M3 = k| | | + k⊓| + k⊓| + k|⊓ + k⊓⊓ = k31 + 3k1k2 + k3

At n = 4 now, which is a case which is of particular interest for certain considerations
to follow, the computation is as follows, again in tune with the numerics:

M4 = k| | | + (k⊓ | | + . . .︸ ︷︷ ︸
6 terms

) + (k⊓⊓ + . . .︸ ︷︷ ︸
3 terms

) + (k⊓⊓ | + . . .︸ ︷︷ ︸
4 terms

) + k⊓⊓⊓

= k41 + 6k21k2 + 3k22 + 4k1k3 + k4

As for the cumulant formula, at n = 1, 2, 3 this gives the following formulae for the
cumulants, again in tune with the numerics:

k1 =M| =M1

k2 = (−1)M| | +M⊓ = −M2
1 +M2

k3 = 2M| | | + (−1)M⊓| + (−1)M⊓| + (−1)M|⊓ +M⊓⊓ = 2M3
1 − 3M1M2 +M3

Finally, at n = 4, after computing the Möbius function of P (4), we obtain the following
formula for the fourth cumulant, again in tune with the numerics:

k4 = (−6)M| | | + 2(M⊓ | | + . . .︸ ︷︷ ︸
6 terms

) + (−1)(M⊓⊓ + . . .︸ ︷︷ ︸
3 terms

) + (−1)(M⊓⊓ | + . . .︸ ︷︷ ︸
4 terms

) +M⊓⊓⊓

= −6M4
1 + 12M2

1M2 − 3M2
2 − 4M1M3 +M4

(5) After all these preliminaries, time now to get to work, and prove the result. As
mentioned above, our formulae are all equivalent, and it is enough to prove just one of
them. We will prove in what follows the first formula, namely:

Mn(f) =
∑

ν∈P (n)

kν(f)
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(6) In order to do this, we use the very definition of the cumulants, namely:

logE(eξf ) =
∞∑
s=1

ks(f)
ξs

s!

By exponentiating, we obtain from this the following formula:

E(eξf ) = exp

(
∞∑
s=1

ks(f)
ξs

s!

)

(7) Let us first compute the function on the left. This is easily done, as follows:

E(eξf ) = E

(
∞∑
n=0

(ξf)n

n!

)

=
∞∑
n=0

Mn(f)
ξn

n!

(8) Regarding now the function on the right, this is given by:

exp

(
∞∑
s=1

ks(f)
ξs

s!

)
=

∞∑
p=0

(∑∞
s=1 ks(f)

ξs

s!

)p
p!

=
∞∑
p=0

1

p!

∞∑
s1=1

ks1(f)
ξs1

s1!
. . . . . .

∞∑
sp=1

ksp(f)
ξsp

sp!

=
∞∑
p=0

1

p!

∞∑
s1=1

. . .
∞∑

sp=1

ks1(f) . . . ksp(f)
ξs1+...+sp

s1! . . . sp!

(9) The point now is that all this leads us into partitions. Indeed, we are summing
over indices s1, . . . , sp ∈ N, which can be thought of as corresponding to a partition of
n = s1 + . . .+ sp. So, let us rewrite our sum, as a sum over partitions. For this purpose,
recall that the number of partitions ν ∈ P (n) having blocks of sizes s1, . . . , sp is:

(
n

s1, . . . , sp

)
=

n!

p1! . . . ps!
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Also, when resumming over partitions, there will be a p! factor as well, coming from
the permutations of s1, . . . , sp. Thus, our sum can be rewritten as follows:

exp

(
∞∑
s=1

ks(f)
ξs

s!

)
=

∞∑
n=0

∞∑
p=0

1

p!

∑
s1+...+sp=n

ks1(f) . . . ksp(f)
ξn

s1! . . . sp!

=
∞∑
n=0

ξn

n!

∞∑
p=0

1

p!

∑
s1+...+sp=n

(
n

s1, . . . , sp

)
ks1(f) . . . ksp(f)

=
∞∑
n=0

ξn

n!

∑
ν∈P (n)

kν(f)

(10) We are now in position to conclude. According to (6,7,9), we have:
∞∑
n=0

Mn(f)
ξn

n!
=

∞∑
n=0

ξn

n!

∑
ν∈P (n)

kν(f)

Thus, we have the following formula, valid for any n ∈ N:

Mn(f) =
∑

ν∈P (n)

kν(f)

We are therefore led to the conclusions in the statement. □

6d. Basic examples

Basic examples.

6e. Exercises

Exercises:

Exercise 6.5.

Exercise 6.6.

Exercise 6.7.

Exercise 6.8.

Exercise 6.9.

Exercise 6.10.

Exercise 6.11.

Exercise 6.12.

Bonus exercise.



CHAPTER 7

Further cumulants

7a. Noncrossing partitions

Many interesting things can be said about noncrossing partitions, notably with:

Theorem 7.1. We have a bijection as follows,

NC(k) ≃ NC2(2k)

obtained by fattening the partitions, and by shrinking the pairings.

Proof. This is something self-explanatory, and in order to see how this works, let us
discuss an example. Consider a noncrossing partition, say the following one:

1 2 3 4 5 6 7 8

Now let us “fatten” this partition, by doubling everything, as follows:

11′ 22′ 33′ 44′ 55′ 66′ 77′ 88′

We can see emerging here a noncrossing pairing, and by relabeling the points 1, . . . , 16,
and properly redrawing the picture, what we have is indeed a noncrossing pairing:

1 2 3 4 5 6 7 8 9 10 11 12 13 14 15 16

As for the reverse operation, that is obviously obtained by “shrinking” our pairing, by
collapsing pairs of consecutive neighbors, that is, by identifying 1 = 2, then 3 = 4, then
5 = 6, and so on. Thus, we are led to the conclusion in the statement. □
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7b. Free cumulants

In what follows we discuss the free analogues of the classical cumulants, following
Speicher [82], and subsequent work. We first have the following definition:

Definition 7.2. The free cumulants κn(a) of a variable a ∈ A are defined by

Ra(ξ) =
∞∑
n=1

κn(a)ξ
n−1

with the R-transform being defined as usual by the formula

Ga

(
Ra(ξ) +

1

ξ

)
= ξ

where Ga(ξ) =
∫
R

dµ(t)
ξ−t

with µ = µa is the corresponding Cauchy transform.

As before with classical cumulants, we have a number of basic examples and illustra-
tions, and a number of basic general results. Let us start with some numerics:

Proposition 7.3. The free cumulants κ1, κ2, κ3, . . . appear as a modification of the
moments M1,M2,M3, . . . , and uniquely determine µ. We have

κ1 =M1

κ2 = −M2
1 +M2

κ3 = 2M3
1 − 3M1M2 +M3

κ4 = −5M4
1 + 10M2

1M2 − 2M2
2 − 4M1M3 +M4

...

in one sense, and in the other sense we have

M1 = κ1

M2 = κ21 + κ2

M3 = κ31 + 3κ1κ2 + κ3

M4 = κ41 + 6κ21κ2 + 2κ22 + 4κ1κ3 + κ4

...

with in both cases the correspondence being polynomial, with integer coefficients.
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Proof. Here all theoretical assertions regarding moments and cumulants are clear
from definitions, and the numerics are clear from definitions too, after some computations
based on Definition 7.2. Let us actually present these computations, which are quite
instructive, more complicated than the classical ones, and that we will need, later on:

(1) We know that the Cauchy transform is the following function:

G(ξ) =
∞∑
n=0

Mn

ξn+1

Consider the inverse of this Cauchy transform G, with respect to composition:

G(K(ξ)) = K(G(ξ)) = ξ

According to Definition 7.2, the free cumulants κn appear then as follows:

K(ξ) =
1

ξ
+

∞∑
n=1

κnξ
n−1

Thus, we can compute moments in terms of free cumulants, and vice versa, by using
either of the inversion formulae G(K(ξ)) = ξ and K(G(ξ)) = ξ.

(2) This was for the theory. In practice now, playing with the original inversion formula
from Definition 7.2, namely G(K(ξ)) = ξ, proves to be something quite complicated, so
we will choose to use instead the other inversion formula, namely:

K(G(ξ)) = ξ

Thus, the equation that we want to use is as follows, with G = G(ξ):

1

G
+

∞∑
n=1

κnG
n−1 = ξ

(3) With ξ = z−1 our equation takes the following form, with G = G(z−1):

1

G
+

∞∑
n=1

κnG
n−1 = z−1

Now by multiplying by z, our equation takes the following form:

z

G
+ z

∞∑
n=1

κnG
n−1 = 1

Equivalently, our equation is as follows, with G = G(z−1) as before:

z

G
+

∞∑
n=1

κnz
n

(
G

z

)n−1

= 1
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(4) Observe now that we have the following formula:

G

z
=
G(z−1)

z
=

∑∞
n=0Mnz

n+1

z
=

∞∑
n=0

Mnz
n

This suggests introducing the following quantity:

F =
∞∑
n=1

Mnz
n

Indeed, we have then G/z = 1 + F , and our equation becomes:

1

1 + F
+

∞∑
n=1

κnzn(1 + F )n−1 = 1

(5) By expanding the fraction on the left, our equation becomes:
∞∑
n=0

(−F )n +
∞∑
n=1

κnzn(1 + F )n−1 = 1

Moreover, we can cancel the 1 term on both sides, and our equation becomes:
∞∑
n=1

(−F )n +
∞∑
n=1

κnzn(1 + F )n−1 = 0

Alternatively, we can write our equation as follows:
∞∑
n=1

κnzn(1 + F )n−1 = −
∞∑
n=1

(−F )n

(6) Good news, this latter equation is something that we are eventually happy with.
By remembering that we have F =

∑∞
n=1Mnz

n, our equation looks as follows:

κ1z + κ2z
2(1 +M1z +M2z

2 + . . .) + κ3z
3(1 +M1z +M2z

2 + . . .)2 + . . .

= (M1z +M2z
2 + . . .)− (M1z +M2z

2 + . . .)2 + (M1z +M2z
2 + . . .)3 − . . .

(7) This was for the hard part, carefully fine-tuning our equation, as to have it as simple
as possible, before getting to numeric work. The rest is routine. Indeed, by looking at
the terms of order 1, 2, 3, 4 we obtain, instantly or almost, the formulae of κ1, κ2, κ3, κ4 in
the statement. As for the formulae for M1,M2,M3,M4, these follow from these.

(8) To be more precise, the equations that we get at order 1, 2, 3, 4 are as follows:

κ1 =M1

κ2 =M2 −M2
1

κ2M1 + κ3 =M3 − 2M1M2 +M3
1

κ4 + 2κ3M1 + κ2M2 =M4 − 2M1M3 −M2
2 + 3M2

1M2 −M4
1
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Thus, we are led to the formulae of κ1, κ2, κ3, κ4 in the statement, and then to the
formulae of M1,M2,M3,M4 in the statement, as desired. □

Observe the similarity with the formulae for classical cumulants. In fact, a careful
comparison here is worth the effort, leading to the following conclusion:

Conclusion 7.4. The first three classical and free cumulants coincide,

k1 = κ1 , k2 = κ2 , k3 = κ3

but the formulae for the fourth classical and free cumulants are different,

k4 = −6M4
1 + 12M2

1M2 − 3M2
2 − 4M1M3 +M4

κ4 = −5M4
1 + 10M2

1M2 − 2M2
2 − 4M1M3 +M4

and the same happens at higher order as well.

This is something quite interesting, and we will back later with a conceptual explana-
tion for this, via partitions, the idea being that all this comes from:

P (n) = NC(n) ⇐⇒ n ≤ 3

But more on this later. At the level of basic general results, we first have:

Theorem 7.5. The free cumulants have the following properties:

(1) κn(λa) = λnκn(a).
(2) κn(a+ b) = κn(a) + κn(b), if a, b are free.

Proof. This is something very standard, the idea being as follows:

(1) We have the following Cauchy transform computation:

Gλa(ξ) =

∫
R

dµλa(t)

ξ − t

=

∫
R

dµa(s)

ξ − λs

=
1

λ

∫
R

dµa(s)

ξ/λ− s

=
1

λ
Ga

(
ξ

λ

)
But this gives the following formula, by using the definition of the R-transform:

Gλa

(
λRa(λξ) +

1

ξ

)
=

1

λ
Ga

(
Ra(λξ) +

1

λξ

)
=

1

λ
· λξ

= ξ
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Thus we have the formula Rλa(ξ) = λRa(λξ), which gives (1).

(2) This follows from the standard fact, that we know well from chapter 9, that the
R-transform linearizes the free convolution operation. □

Again in analogy with the classical case, at the level of examples, we have:

Theorem 7.6. The sequence of free cumulants κ1, κ2, κ3, . . . is as follows:

(1) For µ = δc the free cumulants are c, 0, 0, . . .
(2) For µ = γt the free cumulants are 0, t, 0, 0, . . .
(3) For µ = πt the free cumulants are t, t, t, . . .
(4) For µ = βt the free cumulants are 0, t, 0, t, . . .

Also, for compound free Poisson laws the free cumulants are kn(πν) =Mn(ν).

Proof. The proofs are analogous to those from the classical case, as follows:

(1) For µ = δc we have Gµ(ξ) = 1/(ξ − c), and so Rµ(ξ) = c, as desired.

(2) For µ = γt we have, as computed before, Rµ(ξ) = tξ, as desired.

(3) For µ = πt we have, also from before, Rµ(ξ) = t/(1− ξ), as desired.

(4) For µ = βt this follows from the formulae from before, but the best is to prove
directly the last assertion, which generalizes (3,4). With ν =

∑
i ciδzi we have:

Rπν (ξ) =
∑
i

cizi
1− ξzi

=
∑
i

cizi
∑
n≥0

(ξzi)
n

=
∑
n≥0

ξn
∑
i

ciz
n+1
i

=
∑
n≥1

ξn−1
∑
i

ciz
n
i

=
∑
n≥1

ξn−1Mn(ν)

Thus, we are led to the conclusion in the statement. □

7c. Inversion formula

As before in the classical case, we can define now generalized free cumulants, κπ(a)
with π ∈ P (k), by starting with the numeric free cumulants κn(a), as follows:

Definition 7.7. We define free cumulants κπ(a), depending on partitions

π ∈ P (k)

by starting with κn(a), and using multiplicativity over the blocks.
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To be more precise, the convention here is that for the one-block partition 1n ∈ P (n),
the corresponding free cumulant is the usual one, namely:

κ1n(a) = κn(a)

Then, for an arbitrary partition π ∈ P (k), we decompose this partition into blocks,
having sizes b1, . . . , bs, and we set, by multiplicativity over blocks:

κπ(a) = κb1(a) . . . κbs(a)

With this convention, we have the following result, due to Speicher [82]:

Theorem 7.8. We have the moment-cumulant formulae

Mn(a) =
∑

ν∈NC(n)

κν(a) , κn(a) =
∑

ν∈NC(n)

µ(ν, 1n)Mν(a)

or, equivalently, we have the moment-cumulant formulae

Mπ(a) =
∑
ν≤π

κν(a) , κπ(a) =
∑
ν≤π

µ(ν, π)Mν(a)

where µ is the Möbius function of NC(n).

Proof. As before in the classical case, the 4 formulae in the statement are equivalent,
via Möbius inversion. Thus, it is enough to prove one of them, and we will prove the first
formula, which in practice is the most useful one. Thus, we must prove that:

Mn(a) =
∑

ν∈NC(n)

κν(a)

(1) In order to prove this formula, let us get back to the construction of the free
cumulants, from Definition 7.2. The Cauchy transform of a is the following function:

Ga(ξ) =
∞∑
n=0

Mn(a)

ξn+1

Consider the inverse of this Cauchy transform Ga, with respect to composition:

Ga(Ka(ξ)) = Ka(Ga(ξ)) = ξ

According to Definition 7.2, the free cumulants κn(a) appear then as follows:

Ka(ξ) =
1

ξ
+

∞∑
n=1

κn(a)ξ
n−1

Thus, we can compute moments in terms of free cumulants by using either of the
inversion formulae Ga(Ka(ξ)) = ξ and Ka(Ga(ξ)) = ξ.
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(2) In practice, as explained in the proof of Proposition 7.3, the best is to use the
second inversion formula, Ka(Ga(ξ)) = ξ, which after some manipulations reads:

κ1z + κ2z
2(1 +M1z +M2z

2 + . . .) + κ3z
3(1 +M1z +M2z

2 + . . .)2 + . . .

= (M1z +M2z
2 + . . .)− (M1z +M2z

2 + . . .)2 + (M1z +M2z
2 + . . .)3 − . . .

We have already seen, in the proof of Proposition 7.3, how to exploit this formula at
order n = 1, 2, 3, 4. The same method works in general, and after some computations,
this leads to the formula that we want to establish, namely:

Mn(a) =
∑

ν∈NC(n)

κν(a)

(3) We are therefore led to the conclusions in the statement. All this was of course
quite brief, and for details here, we refer for instance to Nica-Speicher [68]. □

Observe that the above result leads among others to a more conceptual explanation
for Conclusion 7.4, with the equalities and non-equalities there simply coming from:

P (n) = NC(n) ⇐⇒ n ≤ 3

Many other things can be said about free cumulants, along these lines.

7d. Further cumulants

Further cumulants.

7e. Exercises

Exercises:

Exercise 7.9.

Exercise 7.10.

Exercise 7.11.

Exercise 7.12.

Exercise 7.13.

Exercise 7.14.

Exercise 7.15.

Exercise 7.16.

Bonus exercise.



CHAPTER 8

Infinite divisibility

8a. Infinite divisibility

Infinite divisibility.

8b. Basic examples

Basic examples.

8c. Further convolutions

We have the following notion of independence, generalizing the usual one:

Definition 8.1. Two subalgebras A,B ⊂ C are called independent when the following
condition is satisfied, for any a ∈ A and b ∈ B:

tr(ab) = tr(a)tr(b)

Equivalently, the following condition must be satisfied, for any a ∈ A and b ∈ B:

tr(a) = tr(b) = 0 =⇒ tr(ab) = 0

Also, two variables a, b ∈ C are called independent when the algebras that they generate,

A =< a > , B =< b >

are independent inside C, in the above sense.

Observe that the above two independence conditions are indeed equivalent, with this
following from the following computation, with the convention a′ = a− tr(a):

tr(ab) = tr[(a′ + tr(a))(b′ + tr(b))]

= tr(a′b′) + t(a′)tr(b) + tr(a)tr(b′) + tr(a)tr(b)

= tr(a′b′) + tr(a)tr(b)

= tr(a)tr(b)

The other remark is that the above notion generalizes indeed the usual notion of
independence, from the classical case, the precise result here being as follows:
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Theorem 8.2. Given two compact measured spaces X, Y , the algebras

C(X) ⊂ C(X × Y ) , C(Y ) ⊂ C(X × Y )

are independent in the above sense, and a converse of this fact holds too.

Proof. We have two assertions here, the idea being as follows:

(1) First of all, given two abstract compact spaces X, Y , we have embeddings of
algebras as in the statement, defined by the following formulae:

f → [(x, y) → f(x)] , g → [(x, y) → g(y)]

In the measured space case now, the Fubini theorems tells us that we have:∫
X×Y

f(x)g(y) =

∫
X

f(x)

∫
Y

g(y)

Thus, the algebras C(X), C(Y ) are independent in the sense of Definition 8.1.

(2) Conversely, assume that A,B ⊂ C are independent, with C being commutative.
Let us write our algebras as follows, with X, Y, Z being certain compact spaces:

A = C(X) , B = C(Y ) , C = C(Z)

In this picture, the inclusions A,B ⊂ C must come from quotient maps, as follows:

p : Z → X , q : Z → Y

Regarding now the independence condition from Definition 8.1, in the above picture,
this tells us that the following equality must happen:∫

Z

f(p(z))g(q(z)) =

∫
Z

f(p(z))

∫
X

g(q(z))

Thus we are in a Fubini type situation, and we obtain from this:

X × Y ⊂ Z

Thus, the independence of the algebras A,B ⊂ C appears as in (1) above. □

It is possible to develop some theory here, but this is ultimately not very interesting.
As a much more interesting notion now, we have Voiculescu’s freeness [87]:

Definition 8.3. Two subalgebras A,B ⊂ C are called free when the following condi-
tion is satisfied, for any ai ∈ A and bi ∈ B:

tr(ai) = tr(bi) = 0 =⇒ tr(a1b1a2b2 . . .) = 0

Also, two variables a, b ∈ C are called free when the algebras that they generate,

A =< a > , B =< b >

are free inside C, in the above sense.
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In short, freeness appears by definition as a kind of “free analogue” of usual inde-
pendence, taking into account the fact that the variables do not necessarily commute.
As a first observation, of theoretical nature, there is actually a certain lack of symmetry
between Definition 8.1 and Definition 8.3, because in contrast to the former, the latter
does not include an explicit formula for the quantities of the following type:

tr(a1b1a2b2 . . .)

However, this is not an issue, and is simply due to the fact that the formula in the
free case is something more complicated, the precise result being as follows:

Proposition 8.4. Assuming that A,B ⊂ C are free, the restriction of tr to < A,B >
can be computed in terms of the restrictions of tr to A,B. To be more precise,

tr(a1b1a2b2 . . .) = P
(
{tr(ai1ai2 . . .)}i, {tr(bj1bj2 . . .)}j

)
where P is certain polynomial in several variables, depending on the length of the word
a1b1a2b2 . . ., and having as variables the traces of products of type

ai1ai2 . . . , bj1bj2 . . .

with the indices being chosen increasing, i1 < i2 < . . . and j1 < j2 < . . .

Proof. This is something a bit theoretical, so let us begin with an example. Our
claim is that if a, b are free then, exactly as in the case where we have independence:

tr(ab) = tr(a)tr(b)

Indeed, let us go back to the computation performed after Definition 8.1, which was
as follows, with the convention a′ = a− tr(a):

tr(ab) = tr[(a′ + tr(a))(b′ + tr(b))]

= tr(a′b′) + t(a′)tr(b) + tr(a)tr(b′) + tr(a)tr(b)

= tr(a′b′) + tr(a)tr(b)

= tr(a)tr(b)

Our claim is that this computation perfectly works under the sole freeness assumption.
Indeed, the only non-trivial equality is the last one, which follows from:

tr(a′) = tr(b′) = 0 =⇒ tr(a′b′) = 0

In general, the situation is of course more complicated than this, but the same trick
applies. To be more precise, we can start our computation as follows:

tr(a1b1a2b2 . . .) = tr
[
(a′1 + tr(a1))(b

′
1 + tr(b1))(a

′
2 + tr(a2))(b

′
2 + tr(b2)) . . . . . .

]
= tr(a′1b

′
1a

′
2b

′
2 . . .) + other terms

= other terms
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Observe that we have used here the freeness condition, in the following form:

tr(a′i) = tr(b′i) = 0 =⇒ tr(a′1b
′
1a

′
2b

′
2 . . .) = 0

Now regarding the “other terms”, those which are left, each of them will consist of a
product of traces of type tr(ai) and tr(bi), and then a trace of a product still remaining
to be computed, which is of the following form, for some elements αi ∈ A and βi ∈ B:

tr(α1β1α2β2 . . .)

To be more precise, the variables αi ∈ A appear as ordered products of those ai ∈ A
not getting into individual traces tr(ai), and the variables βi ∈ B appear as ordered
products of those bi ∈ B not getting into individual traces tr(bi). Now since the length
of each such alternating product α1β1α2β2 . . . is smaller than the length of the original
product a1b1a2b2 . . ., we are led into of recurrence, and this gives the result. □

Let us discuss now some models for independence and freeness. We have the following
result, from [87], which clarifies the analogy between independence and freeness:

Theorem 8.5. Given two algebras (A, tr) and (B, tr), the following hold:

(1) A,B are independent inside their tensor product A⊗B, endowed with its canonical
tensor product trace, given by tr(a⊗ b) = tr(a)tr(b).

(2) A,B are free inside their free product A ∗ B, endowed with its canonical free
product trace, given by the formulae in Proposition 8.4.

Proof. Both the above assertions are clear from definitions, as follows:

(1) This is clear with either of the definitions of the independence, from Definition
8.1, because we have by construction of the product trace:

tr(ab) = tr[(a⊗ 1)(1⊗ b)]

= tr(a⊗ b)

= tr(a)tr(b)

Observe that there is a relation here with Theorem 8.2 as well, due to the following
formula for compact spaces, with ⊗ being a topological tensor product:

C(X × Y ) = C(X)⊗ C(Y )

To be more precise, the present statement generalizes the first assertion in Theorem
8.2, and the second assertion tells us that this generalization is more or less the same
thing as the original statement. All this comes of course from basic measure theory.

(2) This is clear too from definitions, the only point being that of showing that the
notion of freeness, or the recurrence formulae in Proposition 8.4, can be used in order to
construct a canonical free product trace, on the free product of the algebras involved:

tr : A ∗B → C
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But this can be checked for instance by using a GNS construction. Indeed, consider
the GNS constructions for the algebras (A, tr) and (B, tr):

A→ B(l2(A)) , B → B(l2(B))

By taking the free product of these representations, we obtain a representation as
follows, with the ∗ on the right being a free product of pointed Hilbert spaces:

A ∗B → B(l2(A) ∗ l2(B))

Now by composing with the linear form T →< Tξ, ξ >, where ξ = 1A = 1B is the
common distinguished vector of l2(A), l2(B), we obtain a linear form, as follows:

tr : A ∗B → C
It is routine then to check that tr is indeed a trace, and this is the “canonical free

product trace” from the statement. Then, an elementary computation shows that A,B
are free inside A ∗B, with respect to this trace, and this finishes the proof. □

All the above was quite theoretical, and as a concrete application of the above results,
bringing us into probability, we have the following result, from [87]:

Theorem 8.6. We have a free convolution operation ⊞ for the distributions

µ : C < X,X∗ >→ C
which is well-defined by the following formula, with a, b taken to be free:

µa ⊞ µb = µa+b

This restricts to an operation, still denoted ⊞, on the real probability measures.

Proof. We have several verifications to be performed here, as follows:

(1) We first have to check that given two variables a, b which live respectively in
certain C∗-algebras A,B, we can recover inside some C∗-algebra C, with exactly the
same distributions µa, µb, as to be able to sum them and talk about µa+b. But this comes
from Theorem 8.5, because we can set C = A ∗B, as explained there.

(2) The other verification which is needed is that of the fact that if two variables a, b
are free, then the distribution µa+b depends only on the distributions µa, µb. But for this
purpose, we can use the general formula from Proposition 8.4, namely:

tr(a1b1a2b2 . . .) = P
(
{tr(ai1ai2 . . .)}i, {tr(bj1bj2 . . .)}j

)
Now by plugging in arbitrary powers of a, b as variables ai, bj, we obtain a family of

formulae of the following type, with Q being certain polyomials:

tr(ak1bl1ak2bl2 . . .) = Q
(
{tr(ak)}k, {tr(bl)}l

)
Thus the moments of a+ b depend only on the moments of a, b, with of course colored

exponents in all this, according to our moment conventions, and this gives the result.
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(3) Finally, in what regards the last assertion, regarding the real measures, this is clear
from the fact that if the variables a, b are self-adjoint, then so is their sum a+ b. □

The idea now is that with a bit of luck, the basic theory from the classical case, namely
the Fourier transform, and the CLT, should have free extensions. Let us start with:

Theorem 8.7. Consider the shift operator on the space H = l2(N), given by S(ei) =
ei+1. The variables of the following type, with f ∈ C[X] being a polynomial,

S∗ + f(S)

model then in moments, up to finite order, all the distributions µ : C[X] → C.

Proof. We have already met the shift S before, as the simplest example of an isom-
etry which is not a unitary, S∗S = 1, SS∗ = 1, with this coming from:

S∗(ei) =

{
ei−1 (i > 0)

0 (i = 0)

Consider now a variable as in the statement, namely:

T = S∗ + a0 + a1S + a2S
2 + . . .+ anS

n

The computation of the moments of T is then as follows:

– We first have tr(T ) = a0.

– Then the computation of tr(T 2) will involve a1.

– Then the computation of tr(T 3) will involve a2.

– And so on.

Thus, we are led to a certain recurrence, that we will not attempt to solve now, with
bare hands, but which definitely gives the conclusion in the statement. □

Before getting further, with free products of such models, let us work out a very basic
example, which is something fundamental, that we will need in what follows:

Proposition 8.8. In the context of the above correspondence, the variable

T = S + S∗

follows the Wigner semicircle law, γ1 =
1
2π

√
4− x2dx.

Proof. In order to compute the law of variable T in the statement, we can use the
moment method. The moments of this variable are as follows:

Mk = tr(T k)

= tr((S + S∗)k)

= #(1 ∈ (S + S∗)k)
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Now since the S shifts to the right on N, and S∗ shifts to the left, while remaining
positive, we are left with counting the length k paths on N starting and ending at 0. Since
there are no such paths when k = 2r + 1 is odd, the odd moments vanish:

M2r+1 = 0

In the case where k = 2r is even, such paths on N are best represented as paths in the
upper half-plane, starting at 0, and going at each step NE or SE, depending on whether
the original path on N goes at right or left, and finally ending at k ∈ N. With this picture
we are led to the following formula for the number of such paths:

M2r+2 =
∑
s

M2sM2r−s

But this is exactly the recurrence formula for the Catalan numbers, and so:

M2r =
1

r + 1

(
2r

r

)
Summarizing, the odd moments of T vanish, and the even moments are the Catalan

numbers. But these numbers being the moments of the Wigner semicircle law γ1, as
explained before, we are led to the conclusion in the statement. □

Getting back now to our linearization program for ⊞, the next step is that of taking
a free product of the model found in Theorem 8.7 with itself. There are two approaches
here, one being a bit abstract, and the other one being more concrete. We will explain
in what follows both of them. The abstract approach, which is quite nice, making a link
with our main modeling result so far, involving group algebras, is as follows:

Proposition 8.9. We can talk about semigroup algebras C∗(Γ) ⊂ B(l2(Γ)), exactly
as we did for the group algebras, and at the level of examples:

(1) With Γ = N we recover the shift algebra A =< S > on H = l2(N).
(2) With Γ = N ∗ N, we obtain the algebra A =< S1, S2 > on H = l2(N ∗ N).

Proof. We can talk indeed about semigroup algebras C∗(Γ) ⊂ B(l2(Γ)), exactly as
we did for the group algebras, the only difference coming from the fact that the semigroup
elements g ∈ Γ will now correspond to isometries, which are not necessarily unitaries. Now
this construction in hand, both the assertions are clear, as follows:

(1) With Γ = N we recover indeed the shift algebra A =< S > on the Hilbert space
H = l2(N), the shift S itself being the isometry associated to the element 1 ∈ N.

(2) With Γ = N ∗N we recover the double shift algebra A =< S1, S2 > on the Hilbert
space H = l2(N ∗ N), the two shifts S1, S2 themselves being the isometries associated to
two copies of the element 1 ∈ N, one for each of the two copies of N which are present. □

In what follows we will rather use an equivalent, second approach to our problem,
which is exactly the same thing, but formulated in a less abstract way, as follows:
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Proposition 8.10. We can talk about the algebra of creation operators

Sx : v → x⊗ v

on the free Fock space associated to a real Hilbert space H, given by

F (H) = CΩ⊕H ⊕H⊗2 ⊕ . . .

and at the level of examples, we have:

(1) With H = C we recover the shift algebra A =< S > on H = l2(N).
(2) With H = C2, we obtain the algebra A =< S1, S2 > on H = l2(N ∗ N).

Proof. We can talk indeed about the algebra A(H) of creation operators on the free
Fock space F (H) associated to a real Hilbert space H, with the remark that, in terms of
the abstract semigroup notions from Proposition 8.9, we have:

A(Ck) = C∗(N∗k) , F (Ck) = l2(N∗k)

As for the assertions (1,2) in the statement, these are both clear, either directly, or by
passing via (1,2) from Proposition 8.9, which were both clear as well. □

The advantage with this latter model comes from the following result, from [87], which
has a very simple formulation, without linear combinations or anything:

Proposition 8.11. Given a real Hilbert space H, and two orthogonal vectors x ⊥ y,
the corresponding creation operators Sx and Sy are free with respect to

tr(T ) =< TΩ,Ω >

called trace associated to the vacuum vector.

Proof. In standard tensor product notation for the elements of the free Fock space
F (H), the formula of a creation operator associated to a vector x ∈ H is as follows:

Sx(y1 ⊗ . . .⊗ yn) = x⊗ y1 ⊗ . . .⊗ yn

As for the formula of the adjoint of this creation operator, called annihilation operator
associated to the vector x ∈ H, this is as follows:

S∗
x(y1 ⊗ . . .⊗ yn) =< x, y1 > ⊗y2 ⊗ . . .⊗ yn

We obtain from this the following formula, which holds for any two vectors x, y ∈ H:

S∗
xSy =< x, y > id

With these formulae in hand, the result follows by doing some elementary computa-
tions, in the spirit of those done for the group algebras, in the above. □

With this technology in hand, let us go back to our linearization program for ⊞. We
know from Theorem 8.7 how to model the individual distributions µ ∈ P(R), and by
combining this with Proposition 8.11, we therefore know how to freely model pairs of
distributions µ, ν ∈ P(R), as required by the convolution problem. We are therefore left
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with doing the sum in the model, and then computing its distribution. And the point
here is that, still following Voiculescu [87], we have:

Theorem 8.12. Given two polynomials f, g ∈ C[X], consider the variables

S∗ + f(S) , T ∗ + g(T )

where S, T are two creation operators, or shifts, associated to a pair of orthogonal norm
1 vectors. These variables are then free, and their sum has the same law as

R∗ + (f + g)(R)

with R being the usual shift on l2(N).

Proof. We have two assertions here, the idea being as follows:

(1) The freeness assertion comes from the general freeness result from Proposition
8.11, via the various identifications coming from the previous results.

(2) Regarding the second assertion, the idea is that this comes from a 45◦ rotation
trick. Let us write indeed the two variables in the statement as follows:

X = S∗ + a0 + a1S + a2S
2 + . . .

Y = T ∗ + b0 + b1T + a2T
2 + . . .

Now let us perform the following 45◦ base change, on the real span of the vectors
s, t ∈ H producing our two shifts S, T , as follows:

r =
s+ t√

2
, u =

s− t√
2

The new shifts, associated to these vectors r, u ∈ H, are then given by:

R =
S + T√

2
, U =

S − T√
2

By using now these two new shifts, which are free according to Proposition 8.11, we
obtain the following equality of distributions:

X + Y = S∗ + T ∗ +
∑
k

akS
k + bkT

k

=
√
2R∗ +

∑
k

ak

(
R + U√

2

)k

+ bk

(
R− U√

2

)k

∼
√
2R∗ +

∑
k

ak

(
R√
2

)k

+ bk

(
R√
2

)k

∼ R∗ +
∑
k

akR
k + bkR

k



80 8. INFINITE DIVISIBILITY

To be more precise, here at the end we have used the freeness property of R,U in
order to cut U from the computation, as it cannot bring anything, and then we did a
basic rescaling at the very end. Thus, we are led to the conclusion in the statement. □

As a conclusion, the operation µ → f from Theorem 8.7 linearizes ⊞. In order to
reach now to something concrete, we are left with a computation inside C∗(N), which
is elementary, and whose conclusion is that Rµ = f can be recaptured from µ via the
Cauchy transform Gµ. The precise result here, due to Voiculescu [88], is as follows:

Theorem 8.13. Given a real probability measure µ, define its R-transform as follows:

Gµ(ξ) =

∫
R

dµ(t)

ξ − t
=⇒ Gµ

(
Rµ(ξ) +

1

ξ

)
= ξ

The free convolution operation is then linearized by this R-transform.

Proof. This can be done by using the above results, in several steps, as follows:

(1) According to Theorem 8.12, the operation µ→ f from Theorem 8.7 linearizes the
free convolution operation ⊞. We are therefore left with a computation inside C∗(N). To
be more precise, consider a variable as in Theorem 8.7:

X = S∗ + f(S)

In order to establish the result, we must prove that the R-transform of X, constructed
according to the procedure in the statement, is the function f itself.

(2) In order to do so, we fix |z| < 1 in the complex plane, and we set:

qz = δ0 +
∞∑
k=1

zkδk

The shift and its adjoint act then on this vector as follows:

Sqz = z−1(qz − δ0) , S∗qz = zqz

It follows that the adjoint of our operator X acts on this vector as follows:

X∗qz = (S + f(S∗))qz

= z−1(qz − δ0) + f(z)qz

= (z−1 + f(z))qz − z−1δ0

Now observe that the above formula can be written as follows:

z−1δ0 = (z−1 + f(z)−X∗)qz

The point now is that when |z| is small, the operator appearing on the right is invert-
ible. Thus, we can rewrite the above formula as follows:

(z−1 + f(z)−X∗)−1δ0 = zqz
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Now by applying the trace, we are led to the following formula:

tr
[
(z−1 + f(z)−X∗)−1

]
=

〈
(z−1 + f(z)−X∗)−1δ0, δ0

〉
= < zqz, δ0 >

= z

(3) Let us apply now the procedure in the statement to the real probability measure
µ modelled by X. The Cauchy transform Gµ is then given by:

Gµ(ξ) = tr((ξ −X)−1)

= tr
(
(ξ̄ −X∗)−1

)
= tr((ξ −X∗)−1)

Now observe that, with the choice ξ = z−1 + f(z) for our complex variable, the trace
formula found in (2) above tells us that we have:

Gµ

(
z−1 + f(z)

)
= z

Thus, by definition of the R-transform, we have the following formula:

Rµ(z) = f(z)

But this finishes the proof, as explained before in step (1) above. □

Summarizing, the situation in free probability is quite similar to the one in classical
probability, the product spaces needed for the basic properties of the Fourier transform
being replaced by something “noncommutative”, namely the free Fock space models. This
is of course something quite surprising, and the credit for this remarkable discovery, which
has drastically changed operator algebras, goes to Voiculescu’s paper [87].

With the above linearization technology in hand, we can do many things. First, we
have the following free analogue of the CLT, at variance 1, due to Voiculescu [87]:

Theorem 8.14. Given self-adjoint variables x1, x2, x3, . . . which are f.i.d., centered,
with variance 1, we have, with n→ ∞, in moments,

1√
n

n∑
i=1

xi ∼ γ1

with the limiting measure being the Wigner semicircle law on [−2, 2]:

γ1 =
1

2π

√
4− x2 dx

Due to this, we also call this Wigner law free Gaussian law.
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Proof. We follow the same idea as in the proof of the CLT, from chapter 2:

(1) The R-transform of the variable in the statement on the left can be computed by
using the linearization property from Theorem 8.13, and is given by:

R(ξ) = nRx

(
ξ√
n

)
≃ ξ

(2) Regarding now the right term, our first claim here is that the Cauchy transform
of the Wigner law γ1 satisfies the following equation:

Gγ1

(
ξ +

1

ξ

)
= ξ

Indeed, we know from before that the even moments of γ1 are given by:

1

2π

∫ 2

−2

√
4− x2x2kdx = Ck

On the other hand, we also know from before that the generating series of the Catalan
numbers is given by the following formula:

∞∑
k=0

Ckz
k =

1−
√
1− 4z

2z

By using this formula with z = y−2, we obtain the following formula:

Gγ1(y) = y−1

∞∑
k=0

Cky
−2k

= y−1 · 1−
√

1− 4y−2

2y−2

=
y

2

(
1−

√
1− 4y−2

)
=

y

2
− 1

2

√
y2 − 4

Now with y = ξ + ξ−1, this formula becomes, as claimed in the above:

Gγ1

(
ξ +

1

ξ

)
=

ξ + ξ−1

2
− 1

2

√
ξ2 + ξ−2 − 2

=
ξ + ξ−1

2
− ξ−1 − ξ

2
= ξ

(3) We conclude from the formula found in (2) and from Theorem 8.13 that the R-
transform of the Wigner semicircle law γ1 is given by the following formula:

Rγ1(ξ) = ξ
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Observe that this follows in fact as well from the following formula, coming from
Proposition 8.8, and from the technical details of the R-transform:

S + S∗ ∼ γ1

Thus, the laws in the statement have the same R-transforms, so they are equal. □

Summarizing, we have proved the free CLT at t = 1. The passage to the general case,
where t > 0 is arbitrary, is routine, and still following Voiculescu [88], we have:

Theorem 8.15 (Free CLT). Given self-adjoint variables x1, x2, x3, . . . which are f.i.d.,
centered, with variance t > 0, we have, with n→ ∞, in moments,

1√
n

n∑
i=1

xi ∼ γt

with the limiting measure being the Wigner semicircle law on [−2
√
t, 2

√
t]:

γt =
1

2πt

√
4t− x2 dx

Due to this, we also call this Wigner law free Gaussian law.

Proof. We follow the above proof at t = 1, by making changes where needed:

(1) The R-transform of the variable in the statement on the left can be computed by
using the linearization property from Theorem 8.13, and is given by:

R(ξ) = nRx

(
ξ√
n

)
≃ tξ

(2) Regarding now the right term, our claim here is that we have:

Gγt

(
tξ +

1

ξ

)
= ξ

Indeed, we know from before that the even moments of γt are given by:

1

2πt

∫ 2
√
t

−2
√
t

√
4t− x2x2kdx = tkCk

On the other hand, we know from before that we have the following formula:

∞∑
k=0

Ckz
k =

1−
√
1− 4z

2z
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By using this formula with z = ty−2, we obtain the following formula:

Gγt(y) = y−1

∞∑
k=0

tkCky
−2k

= y−1 · 1−
√

1− 4ty−2

2ty−2

=
y

2t

(
1−

√
1− 4ty−2

)
=

y

2t
− 1

2t

√
y2 − 4t

Now with y = tξ + ξ−1, this formula becomes, as claimed in the above:

Gγt

(
tξ +

1

ξ

)
=

tξ + ξ−1

2t
− 1

2t

√
t2ξ2 + ξ−2 − 2t

=
tξ + ξ−1

2t
− ξ−1 − tξ

2t
= ξ

(3) We conclude from the formula found in (2) and from Theorem 8.13 that the R-
transform of the Wigner semicircle law γt is given by the following formula:

Rγt(ξ) = tξ

Thus, the laws in the statement have the same R-transforms, so they are equal. □

8d. Transforms, bijections

With the cumulant theory in hand, developed before, we can now formulate the fol-
lowing simple definition, making the connection between classical and free:

Definition 8.16. We say that a real probability measure

m ∈ P(R)

is the classical version of another measure, called its free version, or liberation

µ ∈ P(R)

when the classical cumulants of m coincide with the free cumulants of µ.

As a first observation, this definition fits with all the classical and free probability
theory developed in the above, in this whole book so far, and notably with the measures
from the standard cube, and to start with, we have the following result:
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Theorem 8.17. In the standard cube of basic probability measures,

Bt Γt

βt γt

Bt Gt

bt gt

the upper measures appear as the free versions of the lower measures.

Proof. This follows indeed from our various cumulant formulae found before. □

In order to reach now to a more advanced theory, depending this time on a parameter
t > 0, which is something essential, and whose importance will become clear later on, let
us formulate, following Bercovici-Pata [15], and the subsequent work in [68]:

Definition 8.18. A convolution semigroup of measures

{mt}t>0 : ms ∗mt = ms+t

is in Bercovici-Pata bijection with a free convolution semigroup of measures

{µt}t>0 : µs ⊞ µt = µs+t

when the classical cumulants of mt coincide with the free cumulants of µt.

As before, this fits with all the theory developed so far in this book, and notably with
the measures from the standard cube, and we have the following result:

Theorem 8.19. In the standard cube of basic semigroups of measures,

Bt Γt

βt γt

Bt Gt

bt gt

the upper semigroups are in Bercovici-Pata bijection with the lower semigroups.
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Proof. This is a technical improvement of Theorem 8.17, based on the fact that the
upper measures in the above diagram form indeed free convolution semigroups, and that
the lower measures form indeed classical convolution semigroups, which itself is something
that we know well, from the various semigroup results established in above. □

Back to the examples now, there are many other, and we will be back to this. But,
before anything, let us formulate the following surprising result, from [14]:

Theorem 8.20. The normal law g1 is freely infinitely divisible.

Proof. This is something tricky, involving all sorts of not very intuitive computations,
and for full details here, we refer here to the original paper [14]. □

The above result shows that the normal law g1 should have a “classical analogue” in
the sense of the Bercovici-Pata bijection. And isn’t that puzzling. The problem, however,
is that this latter law is difficult to compute, and interpret. See [14].

Still in relation with the Bercovici-Pata bijection, let us also mention that there are
many interesting analytic aspects, coming from the combinatorics of the infinitely divisible
laws, classical or free. For this, and other analytic aspects, we refer to [15].

8e. Exercises

Exercises:

Exercise 8.21.

Exercise 8.22.

Exercise 8.23.

Exercise 8.24.

Exercise 8.25.

Exercise 8.26.

Exercise 8.27.

Exercise 8.28.

Bonus exercise.
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CHAPTER 9

Hilbert spaces

9a. Scalar products

Quantum physics tells us to look as well at the infinite dimensional complex spaces,
such as the space of wave functions ψ : R3 → C of the electron. In order to do some
mathematics on these spaces, we will need scalar products. So, let us start with:

Definition 9.1. A scalar product on a complex vector space H is a binary operation
H ×H → C, denoted (x, y) →< x, y >, satisfying the following conditions:

(1) < x, y > is linear in x, and antilinear in y.
(2) < x, y > =< y, x >, for any x, y.
(3) < x, x >> 0, for any x ̸= 0.

As before in the previous chapters, we use here mathematicians’ convention for scalar
products, that is, < ,> linear at left, as opposed to physicists’ convention, < ,> linear
at right. The reasons for this are quite subtle, coming from the fact that, while basic
quantum mechanics looks better with < ,> linear at right, advanced quantum mechanics
looks better with < ,> linear at left. Or at least that’s what my cats say.

As a basic example for Definition 9.1, we have the finite dimensional vector space
H = CN , with its usual scalar product, namely:

< x, y >=
∑
i

xiȳi

We will see later in this chapter that in finite dimensions, this is in fact the only
example, the point being that algebrically we must have H ≃ CN , for some N ∈ N, and
then we can always change the basis, as to make it orthogonal with respect to < ,>, which
in practice makes < ,> to be given by the above formula. More on this in a moment.

In infinite dimensions now, there are many interesting examples of spaces naturally
coming with scalar products, and notably various spaces of L2 functions, which appear
for instance in various problems coming from physics. We will discuss them later.

Summarizing, what we have in Definition 9.1 is a potentially useful generalization of
the usual scalar product < ,> on the simplest complex vector space, CN . In order to
study now the scalar products, let us formulate the following definition:

89
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Definition 9.2. The norm of a vector x ∈ H is the following quantity:

||x|| =
√
< x, x >

We also call this number length of x, or distance from x to the origin.

The terminology comes from what happens in CN , where the length of the vector, as
defined above, coincides with the usual length, given by:

||x|| =
√∑

i

|xi|2

In analogy with what happens in finite dimensions, we have two important results
regarding the norms. First we have the Cauchy-Schwarz inequality, as follows:

Theorem 9.3. We have the Cauchy-Schwarz inequality,

| < x, y > | ≤ ||x|| · ||y||
and the equality case holds precisely when x, y are proportional.

Proof. This is something very standard, the idea being as follows:

(1) Consider, and we will understand why in a moment, the following quantity, de-
pending on a real variable t ∈ R, and on a variable on the unit circle, w ∈ T:

f(t) = ||twx+ y||2

By developing f , we see that this is a degree 2 polynomial in t:

f(t) = < twx+ y, twx+ y >

= t2 < x, x > +tw < x, y > +tw̄ < y, x > + < y, y >

= t2||x||2 + 2tRe(w < x, y >) + ||y||2

(2) Since f is obviously positive, its discriminant must be negative:

4Re(w < x, y >)2 − 4||x||2 · ||y||2 ≤ 0

But this is equivalent to the following condition:

|Re(w < x, y >)| ≤ ||x|| · ||y||
Now the point is that we can arrange for the number w ∈ T to be such that the

quantity w < x, y > is real. Thus, we obtain the Cauchy-Schwarz inequality:

| < x, y > | ≤ ||x|| · ||y||
(3) Finally, the study of the equality case is straightforward, by using the fact that

the discriminant of f vanishes precisely when we have a root. Indeed, this shows that
having equality in Cauchy-Schwarz is the same as asking for the following to happen:

f(t) = 0
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But this latter condition is very easy to process, as follows:

f(t) = 0 ⇐⇒ ||twx+ y||2 = 0

⇐⇒ ||twx+ y|| = 0

⇐⇒ twx+ y = 0

⇐⇒ x ∼ y

Thus we are led to the conclusion in the statement, namely that in order to have
equality in the Cauchy-Schwarz inequality, the vectors x, y must be proportional. □

As a second main result now, we have the Minkowski inequality:

Theorem 9.4. We have the Minkowski inequality

||x+ y|| ≤ ||x||+ ||y||

and the equality case holds precisely when x, y are proportional.

Proof. This follows indeed from the Cauchy-Schwarz inequality, as follows:

||x+ y|| ≤ ||x||+ ||y||
⇐⇒ ||x+ y||2 ≤ (||x||+ ||y||)2

⇐⇒ ||x||2 + ||y||2 + 2Re < x, y >≤ ||x||2 + ||y||2 + 2||x|| · ||y||
⇐⇒ Re < x, y >≤ ||x|| · ||y||

As for the equality case, this is clear from Cauchy-Schwarz as well. □

In abstract terms, the Minkowski inequality tells us that the following happens:

Proposition 9.5. The following function is a norm on H,

||x|| =
√
< x, x >

in the usual sense, that of the abstract normed spaces.

Proof. Recall indeed that a normed space is an abstract vector space X with a
function ||.|| : X → [0,∞), called norm, subject to the following conditions:

– ||x|| > 0 for x ̸= 0.

– ||λx|| = |λ| · ||x||.

– ||x+ y|| ≤ ||x||+ ||y||.

In our case, the first two axioms are trivially satisfied, and the third axiom, called
triangle inequality, is the Minkowski inequality. Thus, the result holds indeed. □

Alternatively, and perhaps more illustrating, we have the following result:
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Theorem 9.6. The following function is a distance on H,

d(x, y) = ||x− y||
in the usual sense, that of the abstract metric spaces.

Proof. This follows indeed from the Minkowski inequality, which corresponds to the
triangle inequality, the other two axioms being trivially satisfied. To be more precise:

(1) Let us first recall that a metric space is an abstract space X with a function
d : X ×X → [0,∞), called distance, which is subject to the following conditions:

– d(x, y) > 0 for x ̸= y, and d(x, x) = 0.

– d(x, y) = (y, x).

– d(x, y) ≤ d(x, z) + d(y, z).

(2) Now let us try to check these axioms for d(x, y) = ||x − y||. The first axiom is
clear, and so is the second axiom, so we are led with checking the third axiom, the triangle
inequality one, which in practice means to establish the following inequality:

||x− y|| ≤ ||x− z||+ ||y − z||
(3) But this is clear, because with x′ = x− z and y′ = z − y, our estimate reads:

||x′ + y′|| ≤ ||x′||+ ||y′||
And this being the Minkowski inequality, done with the axiom check, as desired. □

The above result is quite important, because it shows that we can normally do geom-
etry and analysis in our present setting, a bit as in the finite dimensional case. In order
to do such abstract geometry, we will often need the following key result:

Theorem 9.7. The distances on H are subject to the identity

||x+ y||2 + ||x− y||2 = 2(||x||2 + ||y||2)
called parallelogram identity.

Proof. This is something quite fundamental, the idea being as follows:

(1) To start with, there is a relation here with a basic result from plane geometry, that
you might know or not. Consider indeed a parallelogram in the plane:

C

B

D

A
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The above-mentioned formula from plane geometry is then as follows:

AC2 +BD2 = AB2 +BC2 + CD2 +DA2

But this is more or less the formula in the statement. Indeed, if we choose the origin
to be A, and relabel x, y the points B,D, our parallelogram becomes:

x+ y

x

y

O

Now with this done, observe we have the following two formulae:

AC2 +BD2 = ||x+ y||2 + ||x− y||2

AB2 +BC2 + CD2 +DA2 = 2(||x||2 + ||y||2)
Thus, the plane geometry formula is the same as the formula in the statement.

(2) In practice now, all this remains a mere remark, because our spaces are complex
instead of real, have arbitrary dimension instead of 2, and also because we have not said
in the above how the proof of the elementary geometry formula goes. So, better forget
about all this, and try to prove the formula in the statement, from scratch.

(3) But here, things are in fact quite straightforward, because we have:

||x+ y||2 + ||x− y||2

= < x+ y, x+ y > + < x− y, x− y >

= ||x||2 + ||y||2+ < x, y > + < y, x > +||x||2 + ||y||2− < x, y > − < y, x >

= 2(||x||2 + ||y||2)

Thus, we have proved our formula, and as a bonus, we have understood as well how
the above-mentioned plane geometry formula works. Indeed, our computation above
obviously works as well for the real scalar products, and this gives the result. □

As a second result now, which is something fundamental too, everything can be for-
mally recovered in terms of distances, as follows:

Theorem 9.8. The scalar products can be recovered from distances, via the formula

4 < x, y >= ||x+ y||2 − ||x− y||2 + i||x+ iy||2 − i||x− iy||2

called complex polarization identity.
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Proof. This is something that we have already met in finite dimensions. In arbitrary
dimensions the proof is similar, as follows:

||x+ y||2 − ||x− y||2 + i||x+ iy||2 − i||x− iy||2

= ||x||2 + ||y||2 − ||x||2 − ||y||2 + i||x||2 + i||y||2 − i||x||2 − i||y||2

+2Re(< x, y >) + 2Re(< x, y >) + 2iIm(< x, y >) + 2iIm(< x, y >)

= 4 < x, y >

Thus, we are led to the conclusion in the statement. □

Summarizing, all the basic formulae involving scalar products and norms, that we
know well from linear algebra, do hold in our abstract vector space setting. As a word of
warning here, however, not ever to be forgotten, we have:

Warning 9.9. Unlike other things, the basic formula for real scalar products,

< x, y >= ||x|| · ||y|| · cosα
does not hold, in our complex vector space setting.

To be more precise here, in what regards the above formula, you certainly know from
plane geometry that the formula holds indeed for R2, and you might know too, from space
geometry, that the formula holds as well for R3. The same goes for any RN , with similar
proof, and going a bit abstract, for any real vector space coming with a scalar product,
and this because by Cauchy-Schwarz we have | < x, y > | ≤ ||x|| · ||y||, so the above
formula can stand as a definition for the angle α ∈ [0, π) between our vectors x, y.

In the complex space setting, however, this does not work. Indeed, we still have the
Cauchy-Schwarz inequality, telling us that | < x, y > | ≤ ||x|| · ||y||, but the scalar product
being now a complex number, < x, y >∈ C, so is its quotient by ||x|| · ||y|| ∈ R, so we
cannot come with an angle α ∈ [0, π) whose cosine equals this quotient.

9b. Hilbert spaces

In order to do analysis on our spaces, we need the Cauchy sequences that we construct
to converge. This is something which is automatic in finite dimensions, but in arbitrary
dimensions, this can fail. It is convenient here to formulate a detailed new definition, as
follows, which will be the starting point for our various considerations to follow:

Definition 9.10. A Hilbert space is a complex vector space H given with a scalar
product < x, y >, satisfying the following conditions:

(1) < x, y > is linear in x, and antilinear in y.
(2) < x, y > =< y, x >, for any x, y.
(3) < x, x >> 0, for any x ̸= 0.
(4) H is complete with respect to the norm ||x|| = √

< x, x >.
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In other words, what we did here is to take Definition 9.1, and add the condition that
H must be complete with respect to the norm ||x|| = √

< x, x >, that we know indeed to
be a norm, according to the Minkowski inequality proved above. As a basic example, as
before, we have the space H = CN , with its usual scalar product:

Proposition 9.11. The space H = CN , with its usual scalar product, namely

< x, y >=
∑
i

xiȳi

is a Hilbert space, which is finite dimensional.

Proof. Here the fact that < x, y >=
∑

i xiȳi is indeed a scalar product on CN is
something that we know well, and the completness condition is automatic. □

We will see later in this chapter, when talking about orthogonal bases for our spaces,
that any finite dimensional Hilbert space H appears as above, H ≃ CN . Thus, at least
we know one thing, done with finite dimensions, no bad surprises here.

More generally now, we have the following construction of Hilbert spaces:

Proposition 9.12. The sequences of numbers (xi) which are square-summable,∑
i

|xi|2 <∞

form a Hilbert space l2(N), with the following scalar product:

< x, y >=
∑
i

xiȳi

In fact, given any index set I, we can construct a Hilbert space l2(I), in this way.

Proof. There are several things to be proved, as follows:

(1) Our first claim is that l2(N) is a vector space. For this purpose, we must prove that
x, y ∈ l2(N) implies x + y ∈ l2(N). But this leads us into proving ||x + y|| ≤ ||x|| + ||y||,
where ||x|| = √

< x, x >. Now since we know this inequality to hold on each subspace
CN ⊂ l2(N) obtained by truncating, this inequality holds everywhere, as desired.

(2) Our second claim is that < ,> is well-defined on l2(N). But this follows from
the Cauchy-Schwarz inequality, | < x, y > | ≤ ||x|| · ||y||, which can be established by
truncating, a bit like we established the Minkowski inequality in (1) above.

(3) It is also clear that < ,> is a scalar product on l2(N), so it remains to prove that
l2(N) is complete with respect to ||x|| = √

< x, x >. But this is clear, because if we pick
a Cauchy sequence {xn}n∈N ⊂ l2(N), then each numeric sequence {xni }i∈N ⊂ C is Cauchy,
and by setting xi = limn→∞ xni , we have xn → x inside l2(N), as desired.
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(4) Finally, the same arguments extend to the case of an arbitrary index set I, leading
to a Hilbert space l2(I), and with the remark here that there is absolutely no problem
of taking about quantities of type ||x||2 =

∑
i∈I |xi|2 ∈ [0,∞], even if the index set I is

uncountable, because we are summing positive numbers. □

Even more generally, we have the following construction of Hilbert spaces:

Theorem 9.13. Given a measured space X, the functions f : X → C, taken up to
equality almost everywhere, which are square-summable,∫

X

|f(x)|2dx <∞

form a Hilbert space L2(X), with the following scalar product:

< f, g >=

∫
X

f(x)g(x)dx

In the case X = I, with the counting measure, we obtain in this way the space l2(I).

Proof. This is a straightforward generalization of Proposition 9.12, with the argu-
ments from the proof of Proposition 9.12 carrying over in our case, as follows:

(1) The first part, regarding Cauchy-Schwarz and Minkowski, extends without prob-
lems, by using this time approximation by step functions.

(2) Regarding the fact that < ,> is indeed a scalar product on L2(X), there is a
subtlety here, because if we want < f, f >> 0 for f ̸= 0, we must declare that f = 0
when f = 0 almost everywhere, and so that f = g when f = g almost everywhere.

(3) Regarding the fact that L2(X) is complete with respect to ||f || =
√
< f, f >, this

is again basic measure theory, by picking a Cauchy sequence {fn}n∈N ⊂ L2(X), and then
constructing a pointwise, and hence L2 limit, fn → f , almost everywhere.

(4) Finally, the last assertion is clear, because the integration with respect to the
counting measure is by definition a sum, and so L2(I) = l2(I) in this case. □

As a conclusion to what we did so far, the Hilbert spaces are now axiomatized, and the
main examples discussed. In order to do now some geometry on our spaces, in analogy
with what we know from finite dimensions, let us start with the following definition:

Definition 9.14. Let H be a Hilbert space.

(1) We call two vectors orthogonal, x ⊥ y, when < x, y >= 0.
(2) Given a subset S ⊂ H, we set S⊥ =

{
x ∈ H

∣∣x ⊥ y,∀y ∈ S
}
.

Here the first notion is something very familiar and intuitive, with the comment how-
ever that in the present complex space setting, orthogonality does not exactly mean that
“we have a right angle between our vectors x, y”, as explained in Warning 9.9.



9B. HILBERT SPACES 97

In what regards (2), this is something very familiar too, and as an observation here,
the subset S⊥ ⊂ H constructed there is a closed linear space. More on this later.

Getting now to what can be done with orthogonality, we have here:

Theorem 9.15. Let H be a Hilbert space, and E ⊂ H be a closed subspace.

(1) Given x ∈ H, we can find a unique y ∈ E, minimizing ||x− y||.
(2) With x, y as above, we have x = y + z, for a certain z ∈ E⊥.
(3) Thus, we have a direct sum decomposition H = E ⊕ E⊥.
(4) In terms of H = E ⊕ E⊥, the projection x→ y is given by P (x, y) = x.

Proof. This is something very standard, the idea being as follows:

(1) Given x ∈ H and two vectors v, w ∈ E, we have the following estimate:

||x− v||2 + ||x− w||2 = 2

(∣∣∣∣∣∣∣∣x− v + w

2

∣∣∣∣∣∣∣∣2 + ∣∣∣∣∣∣∣∣v − w

2

∣∣∣∣∣∣∣∣2
)

≥ 2d(x,E)2 +
||v − w||2

2

But this shows that any sequence in E realizing the inf in the definition of d(x,E) is
Cauchy, so it converges to a vector y. Since E is closed we have y ∈ E, so y realizes the
inf. Moreover, again from the above inequality, such a y realizing the inf is unique.

(2) In order to prove x−y ∈ E⊥, let v ∈ E and choose w ∈ T such that w < x−y, v >
is a real number. For any t ∈ R we have the following equality:

||x− y + twv|| = ||x− y||2 + 2tw < x− y, v > +t2||v||2

By construction of the vector y we know that this function has a minimum at t = 0.
But this function is a degree 2 polynomial, so the middle term must vanish:

2w < x− y, v >= 0

Now since this must hold for any v ∈ E, we must have x− y ∈ E⊥, as desired.

(3) This is consequence of what we found in (1,2).

(4) This is also a consequence of what we found in (1,2). □

Many things can be said, as a continuation of the above, as for instance with:

Proposition 9.16. For a closed subspace E ⊂ H, we have:

E⊥⊥ = E

More generally, for an arbitrary linear subspace E ⊂ H, we have

E⊥⊥ = Ē

and with the closing operation being needed, in infinite dimensions.



98 9. HILBERT SPACES

Proof. All this comes indeed as an elementary application of our orthogonal projec-
tion technology from Theorem 9.15, and we will leave the details here as an exercise. □

Moving forward now, let us discuss some abstract aspects of the Hilbert spaces. You
might know a bit, or not, about the Banach spaces, which are something more general
than the Hilbert spaces. In view of this, our goal now will be to see what the general
Banach space theory has to say, in the particular case of the Hilbert spaces.

And here, things are very simple, because we have, as a main result:

Theorem 9.17. Given a Hilbert space H and a closed subspace E ⊂ H, any linear
form f : E → C can be extended into a linear form

f̃ : H → C
having the same norm, and this by using H = E ⊕ E⊥, and setting f̃ = 0 on E⊥.

Proof. This is indeed something self-explanatory. Observe that what we have here
is the Hahn-Banach theorem, for the Hilbert spaces, coming with a trivial proof. □

Still talking abstract functional analysis, the few other basic Banach space results
trivialize in the case of Hilbert spaces, as shown by the following result:

Theorem 9.18. Let H be a Hilbert space.

(1) Any linear form f : H → C must be of type f(y) =< z, y >, with z ∈ H.
(2) Thus, we have a Banach space isomorphism H∗ ≃ H̄.
(3) In particular, H is reflexive as Banach space, H∗∗ = H.

Proof. This is something that you might already know from Banach space theory,
but we have an elementary proof for this, as follows:

(1) Consider a linear form f : H → C. Choose v ∈ H such that f(v) ̸= 0. By linearity
we may assume f(v) = 1. Then each z ∈ H decomposes in the following way:

z = (z − f(z)v) + f(z)v

This shows that we have a direct sum decomposition of H, as follows:

H = ker(f)⊕ Cv
Now pick z ∈ ker(f)⊥ and consider the kernel of the linear form fz(y) =< z, y >:

Ker(fz) = {y ∈ H| < z, y >= 0} ⊃ Ker(f)

The linear forms fz and f are then given by the following formulae:

fz(a+ λv) = λfz(v) , f(a+ λv) = λ

It follows that we have f = µfz, with µ = fz(v)
−1, and so that we have, as desired:

f = fµz
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(2) This is just an abstract reformulation of what we found in (1).

(3) This follows from (2), because we have H∗∗ = H̄∗ = ¯̄H = H. □

As a conclusion to all this, which is really pleasant, the various general Banach space
results are all clear in the Hilbert space setting. However, do not worry, the Hilbert spaces
have their own amount of mystery, that we will explore in what follows.

9c. Gram-Schmidt

At a more advanced level now, we can talk about orthonormal bases, and the related
notion of dimension of a Hilbert space. However, this is something quite tricky, in the
present infinite dimensional setting, that will take us some time to understand.

Let us start with the following result, that you surely know from linear algebras:

Theorem 9.19. Any system of linearly independent vectors {f1, . . . , fn} can be turned
into an orthogonal system {e1, . . . , en} by using the Gram-Schmidt procedure,

e1 = f1

e2 = f2 + α1f1

e3 = f3 + β1f1 + β2f2

e4 = f4 + γ1f1 + γ2f2 + γ3f3
...

with the needed scalars αi, βi, γi, . . . being uniquely determined.

Proof. Many things can be said here, depending on how sharp you want to be, with
the essentials of what is to be known being as follows:

(1) Let us first study the case n = 2. With e1 = f1 and e2 = f2 + α1f1 as in the
statement, the needed orthogonality condition can be processed as follows:

e1 ⊥ e2 ⇐⇒ < f1, f2 + α1f1 >= 0

⇐⇒ α1 < f1, f1 >= − < f1, f2 >

⇐⇒ α1 = −< f1, f2 >

< f1, f1 >

Thus, we get our result, and with the remark that, alternatively, we can set:

e2 = f2 − Proje1(f2)

Indeed, with the above formula of α1 in hand, the vector e2 = f2 + α1f1 that we get
is precisely this one. Or, we can simply argue that this latter vector e2 does the job, and
with some basic linear algebra telling us that this vector e2 is indeed unique.
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(2) At n = 3 now, with e1, e2 already constructed, and with e3 = f3 + β1f1 + β2f2 as
in the statement, the first orthogonality condition can be processed as follows:

e1 ⊥ e3 ⇐⇒ < f1, f3 + β1f1 + β2f2 >= 0

⇐⇒ β1 < f1, f1 > +β2 < f1, f2 >= − < f1, f3 >

As for the second orthogonality condition, this can be now processed as follows:

e2 ⊥ e3 ⇐⇒ < f2, f3 + β1f1 + β2f2 >= 0

⇐⇒ β1 < f2, f1 > +β2 < f2, f2 >= − < f2, f3 >

Thus, we are led to the following system, for the parameters β1, β2:

β1 < f1, f1 > +β2 < f1, f2 >= − < f1, f3 >

β1 < f2, f1 > +β2 < f2, f2 >= − < f2, f3 >

Now let us compute the determinant of this system. This is given by:

D =

∣∣∣∣< f1, f1 > < f1, f2 >
< f2, f1 > < f2, f2 >

∣∣∣∣
= < f1, f1 >< f2, f2 > − < f1, f2 >< f2, f1 >

= ||f1||2||f2||2 − | < f1, f2 > |2

But this is exactly the quantity from the Cauchy-Schwarz inequality, so we haveD ≥ 0,
with equality when f1, f2 are proportional. Now since f1, f2 were assumed to be linearly
independent, we conclude that we have D > 0, so our system has indeed solutions.

(3) Alternatively, we can say at n = 3 that with the vectors e1, e2 being already
constructed, we can construct the vector e3 as follows, obviously doing the orthogonality
job, and with its uniqueness coming from some standard linear algebra:

e3 = f3 − Proje1(f3)− Proje2(f3)

(4) Summarizing, we have two possible proofs for our result. Getting now to the
general case, as a first proof, which is perhaps the most straightforward, we can set:

e1 = f1

e2 = f2 − Proje1(f2)

e3 = f3 − Proje1(f3)− Proje2(f3)

e4 = f4 − Proje1(f4)− Proje2(f4)− Proje3(f4)

...

Indeed, these vectors do indeed the needed orthogonality job, and their uniqueness is
clear too, via some basic linear algebra, that we will leave here as an exercise.
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(5) Alternatively, by doing some explicit computations, as in (1) and (2), we must
prove that a certain determinant is nonzero. To be more precise, at step k + 1 of the
orthogonalization algorithm, the system to be solved is as follows:

x1 < f1, f1 > +x2 < f1, f2 > + . . .+ xk < f1, fk >= − < f1, fk+1 >

x1 < f2, f1 > +x2 < f2, f2 > + . . .+ xk < f2, fk >= − < f2, fk+1 >

...

x1 < fk, f1 > +x2 < fk, f2 > + . . .+ xk < fk, fk >= − < fk, fk+1 >

Thus, the determinant to be studied, in order to prove that our system has indeed
solutions, is the Gram determinant of f1, . . . , fk, given by the following formula:

Dk =

∣∣∣∣∣∣∣∣
< f1, f1 > < f1, f2 > . . . < f1, fk >
< f2, f1 > < f2, f2 > . . . < f2, fk >

...
...

< fk, f1 > < fk, f2 > . . . < fk, fk >

∣∣∣∣∣∣∣∣
(6) Now in relation with this latter question, we have already seen in (2) that we have

D2 > 0, but with this being something quite complicated, coming from Cauchy-Schwarz.
So, not very good news, but fortunately, linear algebra comes to the rescue. Consider the
square matrix formed by our vectors f1, . . . , fk, arranged horizontally, as follows:

F =

(f1)1 . . . (f1)k
...

(fk)1 . . . (fk)k


We have then the following computation, for any two indices i, j:

(FF ∗)ij =
∑
l

Fil(F
∗)lj

=
∑
l

FilF̄jl

=
∑
l

(fi)l(fj)l

= < fi, fj >

We conclude that at the matrix level, we have the following formula:

FF ∗ =


< f1, f1 > < f1, f2 > . . . < f1, fk >
< f2, f1 > < f2, f2 > . . . < f2, fk >

...
...

< fk, f1 > < fk, f2 > . . . < fk, fk >


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Thus, at the level of the corresponding determinants we obtain, as desired:

Dk = det(FF ∗) = | detF |2 > 0

(7) Finally, and getting back now to the system, we can work out some explicit for-
mulae for ei, alternative to those in (4), based on this. To be more precise, we have:

ek =
1

Dk−1

∣∣∣∣∣∣∣∣∣∣

< f1, f1 > < f1, f2 > . . . < f1, fk >
< f2, f1 > < f2, f2 > . . . < f2, fk >

...
...

< fk−1, f1 > < fk−1, f2 > . . . < fk−1, fk >
f1 f2 . . . fk

∣∣∣∣∣∣∣∣∣∣
And we will leave some illustrations here as an instructive exercise, and please do

better than my students, who usually stop after 2-3 steps. □

9d. Bases, separability

Getting back now to our Hilbert space questions, we have the following result:

Theorem 9.20. Any Hilbert space H has an orthonormal basis {ei}i∈I , which is by
definition a set of vectors whose span is dense in H, and which satisfy

< ei, ej >= δij

with δ being a Kronecker symbol. The cardinality |I| of the index set, which can be finite,
countable, or uncountable, depends only on H, and is called dimension of H. We have

H ≃ l2(I)

in the obvious way, mapping
∑
λiei → (λi). The Hilbert spaces with dimH = |I| being

countable, such as l2(N), are all isomorphic, and are called separable.

Proof. We have many assertions here, the idea being as follows:

(1) In finite dimensions an orthonormal basis {ei}i∈I can be constructed by starting
with any vector space basis {fi}i∈I , and using the Gram-Schmidt procedure. As for the
other assertions, these are all clear, from basic linear algebra.

(2) In general, the same method works, namely Gram-Schmidt, with a subtlety coming
from the fact that the basis {ei}i∈I will not span in general the whole H, but just a dense
subspace of it, as it is in fact obvious by looking at the standard basis of l2(N).

(3) And there is a second subtlety as well, coming from the fact that the recurrence
procedure needed for Gram-Schmidt must be replaced by some sort of “transfinite recur-
rence”, using standard tools from logic, and more specifically the Zorn lemma.

(4) Finally, everything at the end, regarding our notion of separability for the Hilbert
spaces, is clear from definitions, and from our various results above. □
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So long for abstract Hilbert space questions, and orthonormal bases, and many other
things can be said here. In practice now, and getting to the essentials, according to
Theorem 9.20, there is only one separable Hilbert space, up to isomorphism.

In order to further comment on this, let us recall the following result:

Theorem 9.21 (Weierstrass). Any continuous function on a closed interval

f : [a, b] → R
can be uniformly approximated by polynomials.

Proof. This is indeed something very classical, with a well-known, constructive proof,
being by using an approximation by suitable Bernstein polynomials, namely:

fn(x) =
n∑

k=0

f

(
k

n

)
bkn(x)

To be more precise, we assume here that [a, b] = [0, 1], and we set:

bkn(x) =

(
n

k

)
xk(1− x)n−k

As for the proof of this, this is something well-known, which goes as follows:

(1) Consider indeed the basic Bernstein polynomials bkn, as constructed above. These
remind the binomial laws, so it is with some probability that we will start. We have the
following formulae, which are all elementary to establish, and which in probabilistic terms
are dealing with the moments of order 0, 1, 2 of the binomial laws:∑

k

(
n

k

)
xk(1− x)n−k = 1

∑
k

k

n

(
n

k

)
xk(1− x)n−k = x

∑
k

(
x− k

n

)2(
n

k

)
xk(1− x)n−k =

x(1− x)

n

(2) In terms of the basic Bernstein polynomials bkn, the above formulae read:∑
k

bkn(x) = 1

∑
k

k

n
· bkn(x) = x

∑
k

(
x− k

n

)2

bkn(x) =
x(1− x)

n
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(3) Now consider our arbitrary continuous function f : [0, 1] → R, and construct for
any n ∈ N the approximation indicated above, namely:

fn(x) =
n∑

k=0

f

(
k

n

)
bkn(x)

In order to estimate the error |fn − f |, we use the uniform continuity property of f .
So, pick ε > 0, and then δ > 0 such that the following happens:

|x− y| < δ =⇒ |f(x)− f(y)| < ε

Now with this done, we have the following estimate, using the first formula in (2) at
the first step, the uniform continuity at the last step, and with M = sup |f |:

|fn(x)− f(x)|

=

∣∣∣∣∣∑
k

(
f

(
k

n

)
− f(x)

)
bkn(x)

∣∣∣∣∣
≤

∑
k

∣∣∣∣f (kn
)
− f(x)

∣∣∣∣ bkn(x)
=

∑
|x− k

n
<δ|

∣∣∣∣f (kn
)
− f(x)

∣∣∣∣ bkn(x) + ∑
|x− k

n
≥δ|

∣∣∣∣f (kn
)
− f(x)

∣∣∣∣ bkn(x)
≤ ε+M

∑
|x− k

n
≥δ|

bkn(x)

(4) The point now is that the last sum on the right can be estimated by using the
Chebycheff inequality, based on the third formula from (2), and we obtain:∑

|x− k
n
≥δ|

bkn(x) ≤
∑
k

δ−2

(
x− k

n

)2

bkn(x)

= δ−2 x(1− x)

n

≤ δ−2

4n

(5) Now by putting everything together, we obtain the following estimate:

|fn(x)− f(x)| ≤ ε+
δ−2M

4n

Thus we have indeed |fn − f | → 0, uniform convergence, as desired.

(6) Summarizing, present theorem proved, modulo some learning in relation with the
Chebycheff inequality that we used above, that we will leave as an exercise. □
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There are many other versions of the Weierstrass theorem, and interesting illustrations
too. Exercise for you to learn more about all this, and the more, the better.

Back now to the Hilbert spaces, we recall that, according to Theorem 9.20, there is
only one separable such space, up to isomorphism. As a first result regarding this unique
separable Hilbert space that we are interested in, we have:

Theorem 9.22. The following happen, in relation with separability:

(1) The Hilbert space H = L2[−1, 1] is separable, with orthonormal basis coming by
applying Gram-Schmidt to the basis {xk}k∈N, coming from Weierstrass.

(2) In fact, any H = L2(R, µ), with dµ(x) = f(x)dx, is separable, and the same
happens in higher dimensions, for H = L2(RN , µ), with dµ(x) = f(x)dx.

(3) More generally, given a separable abstract measured space X, the associated
Hilbert space of square-summable functions H = L2(X) is separable.

Proof. Many things can be said here, the idea being as follows:

(1) The fact that H = L2[−1, 1] is separable is clear indeed from the Weierstrass
density theorem, which provides us with the algebraic basis gk = xk, which can be or-
thogonalized by using the Gram-Schmidt procedure, as explained in Theorem 9.20.

(2) Regarding now more general spaces, of type H = L2(R, µ), we can use here the
same argument, after modifying if needed our measure µ, in order for the functions gk = xk

to be indeed square-summable. As for higher dimensions, the situation here is similar,
because we can use here the multivariable polynomials gk(x) = xk11 . . . xkNN .

(3) Finally, the last assertion, regarding the general spaces of type H = L2(X), which
generalizes all this, comes as a consequence of general measure theory, and we will leave
working out the details here as an instructive exercise. □

As a conclusion to all this, which is a bit philosophical, we have:

Conclusion 9.23. We are interested in one space, namely the unique separable Hilbert
space H, but due to various technical reasons, it is often better to forget that we have

H = l2(N)

and say instead that we have the following fomula, X being a separable measured space,

H = L2(X)

or simply say that H is an abstract separable Hilbert space.

It is also possible to make some physics comments here, with this unique separable
Hilbert space being, and no surprise here, the space that we live in.
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9e. Exercises

Exercises:

Exercise 9.24.

Exercise 9.25.

Exercise 9.26.

Exercise 9.27.

Exercise 9.28.

Exercise 9.29.

Exercise 9.30.

Exercise 9.31.

Bonus exercise.



CHAPTER 10

Orthogonal polynomials

10a. Orthogonal polynomials

The separability results from the previous chapter are something quite subtle. In
practice, all this leads us into orthogonal polynomials, which are defined as follows:

Definition 10.1. The orthogonal polynomials with respect to dµ(x) = f(x)dx are
polynomials Pk ∈ R[x] of degree k ∈ N, which are orthogonal inside H = L2(R, µ):∫

R
Pk(x)Pl(x)f(x)dx = 0 , ∀k ̸= l

Equivalently, these orthogonal polynomials {Pk}k∈N, which are each unique modulo scalars,
appear from the Weierstrass basis {xk}k∈N, by doing Gram-Schmidt.

Observe that the orthogonal polynomials exist indeed for any real measure dµ(x) =
f(x)dx, as explained above. It is possible to be a bit more explicit here, as follows:

Theorem 10.2. The orthogonal polynomials with respect to µ are given by

Pk = ck

∣∣∣∣∣∣∣∣∣∣

M0 M1 . . . Mk

M1 M2 . . . Mk+1
...

...
...

Mk−1 Mk . . . M2k−1

1 x . . . xk

∣∣∣∣∣∣∣∣∣∣
where Mk =

∫
R x

kdµ(x) are the moments of µ, and ck ∈ R∗ can be any numbers.

Proof. Let us first see what happens at small values of k ∈ N. At k = 0 our formula
is as follows, stating that the first polynomial P0 must be a constant, as it should:

P0 = c0|M0| = c0

At k = 1 now, again by using M0 = 1, the formula is as follows:

P1 = c1

∣∣∣∣M0 M1

1 x

∣∣∣∣ = c1(x−M1)

107
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But this is again the good formula, because the degree is 1, and we have:

< 1, P1 > = c1 < 1, x−M1 >

= c1(< 1, x > − < 1,M1 >)

= c1(M1 −M1)

= 0

At k = 2 now, things get more complicated, with the formula being as follows:

P2 = c2

∣∣∣∣∣∣
M0 M1 M2

M1 M2 M3

1 x x2

∣∣∣∣∣∣
However, no need for big computations here, in order to check the orthogonality,

because by using the fact that xk integrates up to Mk, we obtain:

< 1, P2 >=

∫
R
P2(x)dµ(x) = c2

∣∣∣∣∣∣
M0 M1 M2

M1 M2 M3

M0 M1 M2

∣∣∣∣∣∣ = 0

Similarly, again by using the fact that xk integrates up to Mk, we have as well:

< x, P2 >=

∫
R
xP2(x)dµ(x) = c2

∣∣∣∣∣∣
M0 M1 M2

M1 M2 M3

M1 M2 M3

∣∣∣∣∣∣ = 0

Thus, result proved at k = 0, 1, 2, and the proof in general is similar. □

In practice now, all this leads us to a lot of interesting combinatorics, and countless
things can be said. For the simplest measured space X ⊂ R, which is the interval [−1, 1],
with its uniform measure, the orthogonal basis problem can be solved as follows:

Theorem 10.3. The orthonormal polynomials for L2[−1, 1], subject to∫ 1

−1

Pk(x)Pl(x) dx = δkl

and called Legendre polynomials, satisfy the following differential equation,

(1− x2)P ′′
k (x)− 2xP ′

k(x) + k(k + 1)Pk(x) = 0

which is the Legendre equation from physics. Moreover, we have the formula

(k + 1)Pk+1(x) = (2k + 1)xPk(x)− kPk−1(x)

called Bonnet recurrence formula, as well as the formula

Pk(x) =
1

2kk!
· d

k

dxk
(
1− x2

)k
called Rodrigues formula for the Legendre polynomials.
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Proof. As a first observation, we are not lost somewhere in abstract math, because
of the occurrence of the Legendre equation, which is something quite fundamental in
physics. As for the proof of the result, this is quite standard, going as follows:

(1) The first assertion is clear, because the Gram-Schmidt procedure applied to the
Weierstrass basis {xk} can only lead to a certain family of polynomials {Pk}, with each
Pk being of degree k, and also unique, if we assume that it has positive leading coefficient,
with this ± choice being needed, as usual, at each step of Gram-Schmidt.

(2) In order to have now an idea about these beasts, here are the first few of them,
which can be obtained say via a straightforward application of Gram-Schmidt:

P0 = 1

P1 = x

P2 = (3x2 − 1)/2

P3 = (5x3 − 3x)/2

P4 = (35x4 − 30x2 + 3)/8

P5 = (63x5 − 70x3 + 15x)/8

(3) Now thinking about what Gram-Schmidt does, this is certainly something by re-
currence. And examining the recurrence leads to the Legendre equation in the statement,
which is the well-known Legendre equation from physics, namely:

(1− x2)P ′′
k (x)− 2xP ′

k(x) + k(k + 1)Pk(x) = 0

(4) As for the Bonnet recurrence formula, which is as follows, the story here is similar:

(k + 1)Pk+1(x) = (2k + 1)xPk(x)− kPk−1(x)

(5) Finally, let us examine the Rodrigues formula in the statement, namely:

Pk(x) =
1

2kk!
· d

k

dxk
(
1− x2

)k
In order to prove this, by uniqueness there is no really need to try to understand where

this formula comes from, and we have two choices here, either by verifying that {Pk} is
orthonormal, or by verifying the Legendre equation. And both methods work. □

Many other things can be said about the Legendre polynomials, as a continuation of
the above, involving both mathematics and physics. We will be back to this.
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10b.

10c.

10d.

10e. Exercises

Exercises:

Exercise 10.4.

Exercise 10.5.

Exercise 10.6.

Exercise 10.7.

Exercise 10.8.

Exercise 10.9.

Exercise 10.10.

Exercise 10.11.

Bonus exercise.



CHAPTER 11

Classical polynomials

11a. Classical polynomials

The results from chapter 10 regarding the Legendre polynomials are just the tip of
the iceberg, and as a continuation of that material, we have:

Theorem 11.1. The orthogonal polynomials for L2[−1, 1], with measure

dµ(x) = (1− x)a(1 + x)bdx

called Jacobi polynomials, satisfy as well a degree 2 equation, namely

(1− x2)P ′′
k (x) + (b− a− (a+ b+ 2)x)P ′

k(x) + k(k + a+ b+ 1)Pk(x) = 0

as well as an order 2 recurrence relation, and are given by the following formula:

Pk(x) =
(−1)k

2kk!
(1− x)−a(1 + x)−b d

k

dxk
[
(1− x)a(1 + x)b(1− x2)k

]
At a = b = 0 we recover the Legendre polynomials, and at a = b = ±1

2
we recover the

Chebycheff polynomials of the first and second kind, from trigonometry.

Proof. There are many things going on here, the idea being as follows:

(1) To start with, in what regards the precise statement, the order 2 recurrence relation
mentioned there is something quite complicated, as follows:

2k(k + a+ b)(2k + a+ b− 2)Pk(x)

= (2k + a+ b− 1)
[
(2k + a+ b)(2k + a+ b− 2)x+ a2 − b2

]
Pk−1(x)

− 2(k + a− 1)(k + b− 1)(2k + a+ b)Pk−2(x)

(2) Regarding now the proof, the statement itself appears as a generalization of the
result for Legendre polynomials, which corresponds to the particular case a = b = 0, and
the proof is quite similar. We will leave learning more about all this as an exercise.

111
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(3) For completness, let us record as well a few numerics, as follows:

P0 = 1

P1 = (a+ 1) + (a+ b+ 2)
x− 1

2

P2 =
(a+ 1)(a+ 2)

2
+ (a+ 2)(a+ b+ 3)

x− 1

2

+
(a+ b+ 3)(a+ b+ 4)

2

(
x− 1

2

)2

(4) Regarding now the main particular cases of the Jacobi polynomials, these are
the Gegenbauer polynomials, appearing at a = b. However, there is not that much of a
simplification when passing from general parameters a, b to equal parameters, a = b, so
in practice, the main particular cases are those indicated in the statement, namely:

– The Legendre polynomials, that we know well from chapter 10, appearing at the
simplest values of the parameters, namely a = b = 0.

– The Chebycheff polynomials of the first kind Tk, which are given by the formula
Tk(cos t) = cos(kt) from trigonometry, appearing at a = b = −1

2
.

– The Chebycheff polynomials of the second kind Uk, which are given by the formula
Uk(cos t) sin t = sin((k + 1)t), appearing at a = b = 1

2
.

(5) So, this was for the story of the Jacobi polynomials, and their main particular
cases, and in practice, we will leave some further learning here as an exercise, coming as
a continuation of the further learning about the Legendre polynomials. □

Getting now to other spaces X ⊂ R, we have the following result, which complements
well the theory of Legendre polynomials, for the needs of basic quantum mechanics:

Theorem 11.2. The orthogonal polynomials for L2[0,∞), with scalar product

< f, g >=

∫ ∞

0

f(x)g(x)e−x dx

are the Laguerre polynomials {Pk}, satisfying the following differential equation,

xP ′′
k (x) + (1− x)P ′

k(x) + kPk(x) = 0

as well as the following order 2 recurrence relation,

(k + 1)Pk+1(x) = (2k + 1− x)Pk(x)− kPk−1(x)

and which are given by the following formula,

Pk(x) =
ex

k!
· d

k

dxk
(
e−xxk

)
called Rodrigues formula for the Laguerre polynomials.



11A. CLASSICAL POLYNOMIALS 113

Proof. The story here is very similar to that of the Legendre and Jacobi polynomials,
and many further things can be said here, with exercise for you to learn a bit about all
this. Let us record as well a few numeric values, for the Laguerre polynomials:

P0 = 1

P1 = 1− x

P2 = (x2 − 4x+ 2)/2

P3 = (−x3 + 9x2 − 18x+ 6)/6

P4 = (x4 − 16x3 + 72x2 − 96x+ 24)/24

Finally, for the story to be complete, no discussion about the Laguerre polynomials
would be complete without a word about their use, in quantum mechanics. □

Finally, regarding the space X = R itself, we have here the following result:

Theorem 11.3. The orthogonal polynomials for L2(R), with scalar product

< f, g >=

∫ ∞

0

f(x)g(x)e−x2

dx

are the Hermite polynomials {Pk}, satisfying the following differential equation,

P ′′
k (x)− 2xP ′

k(x) + Pk(x) = 0

as well as the following order 2 recurrence relation,

Pk+1(x) = 2xPk(x)− 2kPk−1(x)

and which are given by the following formula,

Pk(x) = (−1)kex
2 · d

k

dxk
(
e−x2)

called Rodrigues formula for the Hermite polynomials.

Proof. As before, the story here is quite similar to that of the Legendre and other
orthogonal polynomials, and exercise for you to learn a bit about all this. Let us record
as well a few numeric values, for the Hermite polynomials:

P0 = 1

P1 = 2x

P2 = 4x2 − 2

P3 = 8x3 − 12x

P4 = 16x4 − 48x2 + 12

P5 = 32x5 − 160x3 + 120x

P6 = 64x6 − 480x4 + 720x2 − 120

With of course, exercise for you to deduce all these formulae. □
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And with this, good news, end of the story with the orthogonal polynomials, at least
at the very introductory level, and this due to the following fact, which is something quite
technical, and that we will not attempt to prove, or even explain in detail here:

Fact 11.4. From an abstract point of view, coming from degree 2 equations, and
Rodrigues formulae for the solutions, there are only three types of “classical” orthogonal
polynomials, namely the Jacobi, Laguerre and Hermite ones, discussed above.

Let us end this chapter with more about the Chebycheff polynomials, which are per-
haps the most important, in the above list. As mentioned in the proof of Theorem 11.1,
these naturally appear in the context of trigonometry, via the following formulae:

Tk(cos t) = cos(kt) , Uk(cos t) sin t = sin((k + 1)t)

However, much more can be said. Let us start with the following standard result:

Proposition 11.5. The eigenvalues of the segment graph are as follows:

(1) At N = 2 we have −1, 1.
(2) At N = 3 we have 0,±

√
2.

(3) At N = 4 we have ±
√
5±1
2

.

(4) At N = 5 we have 0,±1,±
√
3.

(5) At N = 6 we have the solutions of x6 − 5x4 + 6x2 − 1 = 0.

Proof. These are some straightforward linear algebra computations, with some tricks
being needed only at N = 4, the details being as follows:

(1) At N = 2 the adjacency matrix and its eigenvalues are as follows:

d =

(
0 1
1 0

)
,

∣∣∣∣ x −1
−1 x

∣∣∣∣ = x2 − 1 = (x− 1)(x+ 1)

(2) At N = 3 the adjacency matrix and its eigenvalues are as follows:

d =

0 1 0
1 0 1
0 1 0

 ,

∣∣∣∣∣∣
x −1 0
−1 x −1
0 −1 x

∣∣∣∣∣∣ = x3 − 2x = x(x2 − 2)

(3) At N = 4 the adjacency matrix and its characteristic polynomial are as follows:

d =


0 1 0 0
1 0 1 0
0 1 0 1
0 0 1 0

 ,

∣∣∣∣∣∣∣∣
x −1 0 0
−1 x −1 0
0 −1 x −1
0 0 −1 x

∣∣∣∣∣∣∣∣ = x4 − 3x2 + 1

Now by solving the degree 2 equation, and fine-tuning the answer, we obtain:

x = ±

√
3±

√
5

2
= ±

√
5± 1

2
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(4) At N = 5 the adjacency matrix and its eigenvalues are as follows:

d =


0 1 0 0 0
1 0 1 0 0
0 1 0 1 0
0 0 1 0 1
0 0 0 1 0

 ,

∣∣∣∣∣∣∣∣∣∣
x −1 0 0 0
−1 x −1 0 0
0 −1 x −1 0
0 0 −1 x −1
0 0 0 −1 x

∣∣∣∣∣∣∣∣∣∣
= x(x2 − 1)(x2 − 3)

(5) At N = 6 the adjacency matrix and its eigenvalues are as follows:

d =


0 1 0 0 0 0
1 0 1 0 0 0
0 1 0 1 0 0
0 0 1 0 1 0
0 0 0 1 0 1
0 0 0 0 1 0

 ,

∣∣∣∣∣∣∣∣∣∣∣

x −1 0 0 0 0
−1 x −1 0 0 0
0 −1 x −1 0 0
0 0 −1 x −1 0
0 0 0 −1 x −1
0 0 0 0 −1 x

∣∣∣∣∣∣∣∣∣∣∣
= x6 − 5x4 + 6x2 − 1

Thus, we are led to the formulae in the statement. □

All the above does not look very good. However, as a matter of having the dirty job
fully done, with mathematical pride, let us look as well into eigenvectors. At N = 2 things
are quickly settled, with the diagonalization of the adjacency matrix being as follows:(

0 1
1 0

)
=

1

2

(
1 1
1 −1

)(
1 0
0 −1

)(
1 1
1 −1

)
At N = 3 the diagonalization formula becomes more complicated, as follows:0 1 0

1 0 1
0 1 0

 =
1

4

 1 1 1

0
√
2 −

√
2

−1 1 1

0 0 0

0
√
2 0

0 0 −
√
2

2 0 −2

1
√
2 1

1 −
√
2 1


At N = 4 now, in view of the eigenvalue formula that we found, x4 − 3x2 + 1 = 0, we

must proceed with care. The equation for the eigenvectors dv = xv is as follows:
0 1 0 0
1 0 1 0
0 1 0 1
0 0 1 0



a
b
c
d

 = x


a
b
c
d


In other words, the equations to be satisfied are as follows:

b = xa

a+ c = xb

b+ d = xc

c = xd
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With the choice a = 1, the solutions of these equations are as follows:

a = 1

b = x

c = x2 − 1

d = (x2 − 1)/x

In order to compute now the c components of the eigenvectors, we can use the formula
x = (±1±

√
5)/2 from Proposition 11.5. Indeed, this formula gives:(

±1±
√
5

2

)2

− 1 =
6± 2

√
5

4
− 1

=
3±

√
5

2
− 1

=
1±

√
5

2

Thus, almost done, and we deduce that the passage matrix is as follows:

P =


1 1 1 1

1+
√
5

2
1−

√
5

2
−1+

√
5

2
−1−

√
5

2
1+

√
5

2
1−

√
5

2
1−

√
5

2
1+

√
5

2
1 1 −1 −1


To be more precise, according to our equations above, the first row must consist of

a = 1 entries. Then the second row must consist of b = x entries, with x = (±1±
√
5)/2.

Then the third row must consist of c = x2 − 1 entries, but these are easily computed, as
explained above. Finally, the fourth row must consist of d = (x2 − 1)/x entries, which
means that the fourth row appears by dividing the third row by the second row, which is
easily done too. In case you wonder why d = ±1, here is another proof of this:

d = ±1 ⇐⇒ x2 − 1 = ±x
⇐⇒ (x2 − 1)2 = x2

⇐⇒ x4 − 2x2 + 1 = x2

⇐⇒ x4 − 3x2 + 1 = 0

Very nice all this, and leaving the computation of P−1 for you, here are a few more
observations, in relation with what we found in Proposition 11.5:

(1) In the case N = 5 the eigenvectors can be computed too, and the diagonalization
finished, via the standard method, namely system of equations, and with the numerics
involving powers of the eigenvalues that we found. Exercise for you.
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(2) The same stays true at N = 6, again with the eigenvector numerics involving
powers of the eigenvalues, and with these eigenvalues being explicitly computable, via the
Cardano formula for degree 3 equations. Have fun with this too, of course.

(3) However, all this does not look very good, and atN = 7 and higher we will certainly
run into difficult questions, and save for some interesting remarks, normally depending
on the parity of N , we will not be able to fully solve the diagonalization problem.

So, what to do? Work some more, of course, the hard way. Proposition 11.5 and its
proof look quite trivial, but if you get into the full details of the computations, and let
me assign here this, as a key exercise, you will certainly notice that, when computing that
determinants, you can sort of use a recurrence method. And, this leads to:

Theorem 11.6. The characteristic polynomials PN of the segment graphs satisfy

P0 = 1 , P1 = x , PN+1 = xPN − PN−1

and are the well-known Chebycheff polynomials from trigonometry.

Proof. Obviously, many things going on here, ranging from precise to definitional,
or even informal, the idea with all this being as follows:

(1) To start with, by computing determinants, we are led to the recurrence formula in
the statement. Here is the proof at N = 4, the general case being similar:

P5 =

∣∣∣∣∣∣∣∣∣∣
x −1 0 0 0
−1 x −1 0 0
0 −1 x −1 0
0 0 −1 x −1
0 0 0 −1 x

∣∣∣∣∣∣∣∣∣∣
= x

∣∣∣∣∣∣∣∣
x −1 0 0
−1 x −1 0
0 −1 x −1
0 0 −1 x

∣∣∣∣∣∣∣∣+
∣∣∣∣∣∣∣∣
−1 −1 0 0
0 x −1 0
0 −1 x −1
0 0 −1 x

∣∣∣∣∣∣∣∣
= x

∣∣∣∣∣∣∣∣
x −1 0 0
−1 x −1 0
0 −1 x −1
0 0 −1 x

∣∣∣∣∣∣∣∣−
∣∣∣∣∣∣
x −1 0
−1 x −1
0 −1 x

∣∣∣∣∣∣
= xP4 − P3

(2) Regarding now the intial values for our recurrence, according to Proposition 11.5
these should be normally the following two polynomials:

P2 = x2 − 1 , P3 = x3 − 2x
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(3) However, we can formally add the values P0 = 1 and P1 = x, as for the final
statement to look better, with this being justified by the following formulae:

P0 = 1

P1 = x

P2 = xP1 − P0 = x2 − 1

P3 = xP2 − P1 = x3 − 2x

(4) Thus, we have the recurrence formula in the statement, and with the initial values
there, and our polynomials follow to be the Chebycheff polynomials, as stated. □

11b.

11c.

11d.

11e. Exercises

Exercises:

Exercise 11.7.

Exercise 11.8.

Exercise 11.9.

Exercise 11.10.

Exercise 11.11.

Exercise 11.12.

Exercise 11.13.

Exercise 11.14.

Bonus exercise.
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12a. Further polynomials

12b.

12c.

12d.

12e. Exercises

Exercises:

Exercise 12.1.

Exercise 12.2.

Exercise 12.3.

Exercise 12.4.

Exercise 12.5.

Exercise 12.6.

Exercise 12.7.

Exercise 12.8.

Bonus exercise.
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Complex variables





CHAPTER 13

Complex measures

13a. Complex measures

Let us discuss now the complex analogues of all the above, first with a notion of
complex normal, or Gaussian law. To start with, we have the following definition:

Definition 13.1. The complex normal, or Gaussian law of parameter t > 0 is

Gt = law

(
1√
2
(a+ ib)

)
where a, b are independent, each following the law gt.

In short, the complex normal laws appear as natural complexifications of the real
normal laws. As in the real case, these measures form convolution semigroups:

Proposition 13.2. The complex Gaussian laws have the property

Gs ∗Gt = Gs+t

for any s, t > 0, and so they form a convolution semigroup.

Proof. This follows indeed from the real result, namely gs ∗ gt = gs+t, established in
chapter 2, simply by taking the real and imaginary parts. □

We have as well the following complex analogue of the CLT:

Theorem 13.3 (CCLT). Given complex variables f1, f2, f3, . . . ∈ L∞(X) which are
i.i.d., centered, and with common variance t > 0, we have

1√
n

n∑
i=1

fi ∼ Gt

with n→ ∞, in moments.

Proof. This follows indeed from the real CLT, established in chapter 2, simply by
taking the real and imaginary parts of all the variables involved. □

Regarding now the moments, the situation here is more complicated than in the real
case, because in order to have good results, we have to deal with both the complex
variables, and their conjugates. Let us formulate the following definition:
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Definition 13.4. The moments a complex variable f ∈ L∞(X) are the numbers

Mk = E(fk)

depending on colored integers k = ◦ • • ◦ . . . , with the conventions

f ∅ = 1 , f ◦ = f , f • = f̄

and multiplicativity, in order to define the colored powers fk.

Observe that, since f, f̄ commute, we can permute terms, and restrict the attention
to exponents of type k = . . . ◦ ◦ ◦ • • • . . . , if we want to. However, our results about the
complex Gaussian laws, and other complex laws too, later on, will actually look better
without doing is, so we will use Definition 13.4 as stated. We first have:

Theorem 13.5. The moments of the complex normal law are given by

Mk(Gt) =

{
tpp! (k uniform, of length 2p)

0 (k not uniform)

where k = ◦ • • ◦ . . . is called uniform when it contains the same number of ◦ and •.

Proof. We must compute the moments, with respect to colored integer exponents
k = ◦ • • ◦ . . . , of the variable from Definition 13.1, namely:

f =
1√
2
(a+ ib)

We can assume that we are in the case t = 1, and the proof here goes as follows:

(1) As a first observation, in the case where our exponent k = ◦••◦ . . . is not uniform,
a standard rotation argument shows that the corresponding moment of f vanishes. To
be more precise, the variable f ′ = wf is complex Gaussian too, for any complex number
w ∈ T, and from Mk(f) =Mk(f

′) we obtain Mk(f) = 0, in this case.
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(2) In the uniform case now, where the exponent k = ◦ • • ◦ . . . consists of p copies of
◦ and p copies of • , the corresponding moment can be computed as follows:

Mk =

∫
(ff̄)p

=
1

2p

∫
(a2 + b2)p

=
1

2p

∑
r

(
p

r

)∫
a2r
∫
b2p−2r

=
1

2p

∑
r

(
p

r

)
(2r)!!(2p− 2r)!!

=
1

2p

∑
r

p!

r!(p− r)!
· (2r)!
2rr!

· (2p− 2r)!

2p−r(p− r)!

=
p!

4p

∑
r

(
2r

r

)(
2p− 2r

p− r

)
(3) In order to finish now the computation, let us recall that we have the following

formula, coming from the generalized binomial formula, or from the Taylor formula:

1√
1 + t

=
∞∑
q=0

(
2q

q

)(
−t
4

)q

By taking the square of this series, we obtain the following formula:

1

1 + t
=
∑
p

(
−t
4

)p∑
r

(
2r

r

)(
2p− 2r

p− r

)
Now by looking at the coefficient of tp on both sides, we conclude that the sum on the

right equals 4p. Thus, we can finish the moment computation in (2), as follows:

Mk =
p!

4p
× 4p = p!

We are therefore led to the conclusion in the statement. □

As before with the real Gaussian laws, a better-looking statement is in terms of parti-
tions. Given a colored integer k = ◦ • • ◦ . . . , we say that a pairing π ∈ P2(k) is matching
when it pairs ◦ − • symbols. With this convention, we have the following result:

Theorem 13.6. The moments of the complex normal law are the numbers

Mk(Gt) =
∑

π∈P2(k)

t|π|

where P2(k) are the matching pairings of {1, . . . , k}, and |.| is the number of blocks.
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Proof. This is a reformulation of Theorem 13.5. Indeed, we can assume that we are
in the case t = 1, and here we know from Theorem 13.5 that the moments are:

Mk =

{
(|k|/2)! (k uniform)

0 (k not uniform)

On the other hand, the numbers |P2(k)| are given by exactly the same formula. Indeed,
in order to have a matching pairing of k, our exponent k = ◦ • • ◦ . . . must be uniform,
consisting of p copies of ◦ and p copies of •, with p = |k|/2. But then the matching
pairings of k correspond to the permutations of the • symbols, as to be matched with
◦ symbols, and so we have p! such pairings. Thus, we have the same formula as for the
moments of f , and we are led to the conclusion in the statement. □

In practice, we also need to know how to compute joint moments. We have here:

Theorem 13.7 (Wick formula). Given independent variables fi, each following the
complex normal law Gt, with t > 0 being a fixed parameter, we have the formula

E
(
fk1
i1
. . . fks

is

)
= ts/2#

{
π ∈ P2(k)

∣∣∣π ≤ ker i
}

where k = k1 . . . ks and i = i1 . . . is, for the joint moments of these variables, where
π ≤ ker i means that the indices of i must fit into the blocks of π, in the obvious way.

Proof. This is something well-known, which can be proved as follows:

(1) Let us first discuss the case where we have a single variable f , which amounts in
taking fi = f for any i in the formula in the statement. What we have to compute here
are the moments of f , with respect to colored integer exponents k = ◦ • • ◦ . . . , and the
formula in the statement tells us that these moments must be:

E(fk) = t|k|/2|P2(k)|
But this is the formula in Theorem 13.6, so we are done with this case.

(2) In general now, when expanding the product fk1
i1
. . . fks

is
and rearranging the terms,

we are left with doing a number of computations as in (1), and then making the product
of the expectations that we found. But this amounts in counting the partitions in the
statement, with the condition π ≤ ker i there standing for the fact that we are doing the
various type (1) computations independently, and then making the product. □

The above statement is one of the possible formulations of the Wick formula, and
there are many more formulations, which are all useful. For instance, we have:

Theorem 13.8 (Wick formula 2). Given independent variables fi, each following the
complex normal law Gt, with t > 0 being a fixed parameter, we have the formula

E
(
fi1 . . . fikf

∗
j1
. . . f ∗

jk

)
= tk#

{
π ∈ Sk

∣∣∣iπ(r) = jr,∀r
}

for the non-vanishing joint moments of these variables.
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Proof. This follows from the usual Wick formula, from Theorem 13.7. With some
changes in the indices and notations, the formula there reads:

E
(
fK1
I1
. . . fKs

Is

)
= ts/2#

{
σ ∈ P2(K)

∣∣∣σ ≤ ker I
}

Now observe that we have P2(K) = ∅, unless the colored integer K = K1 . . . Ks

is uniform, in the sense that it contains the same number of ◦ and • symbols. Up to
permutations, the non-trivial case, where the moment is non-vanishing, is the case where
the colored integer K = K1 . . . Ks is of the following special form:

K = ◦ ◦ . . . ◦︸ ︷︷ ︸
k

• • . . . •︸ ︷︷ ︸
k

So, let us focus on this case, which is the non-trivial one. Here we have s = 2k, and
we can write the multi-index I = I1 . . . Is in the following way:

I = i1 . . . ik j1 . . . jk

With these changes made, the above usual Wick formula reads:

E
(
fi1 . . . fikf

∗
j1
. . . f ∗

jk

)
= tk#

{
σ ∈ P2(K)

∣∣∣σ ≤ ker(ij)
}

The point now is that the matching pairings σ ∈ P2(K), with K = ◦ . . . ◦ • . . . • , of
length 2k, as above, correspond to the permutations π ∈ Sk, in the obvious way. With
this identification made, the above modified usual Wick formula becomes:

E
(
fi1 . . . fikf

∗
j1
. . . f ∗

jk

)
= tk#

{
π ∈ Sk

∣∣∣iπ(r) = jr,∀r
}

Thus, we have reached to the formula in the statement, and we are done. □

Finally, here is one more formulation of the Wick formula, useful as well:

Theorem 13.9 (Wick formula 3). Given independent variables fi, each following the
complex normal law Gt, with t > 0 being a fixed parameter, we have the formula

E
(
fi1f

∗
j1
. . . fikf

∗
jk

)
= tk#

{
π ∈ Sk

∣∣∣iπ(r) = jr,∀r
}

for the non-vanishing joint moments of these variables.

Proof. This follows from our second Wick formula, from Theorem 13.8, simply by
permuting the terms, as to have an alternating sequence of plain and conjugate variables.
Alternatively, we can start with Theorem 13.7, and then perform the same manipulations
as in the proof of Theorem 13.8, but with the exponent being this time as follows:

K = ◦ • ◦ • . . . . . . ◦ •︸ ︷︷ ︸
2k

Thus, we are led to the conclusion in the statement. □
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13b.

13c.

13d.

13e. Exercises

Exercises:

Exercise 13.10.

Exercise 13.11.

Exercise 13.12.

Exercise 13.13.

Exercise 13.14.

Exercise 13.15.

Exercise 13.16.

Exercise 13.17.

Bonus exercise.
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Moment problem

14a. Moment problem

14b.

14c.

14d.

14e. Exercises

Exercises:

Exercise 14.1.

Exercise 14.2.

Exercise 14.3.

Exercise 14.4.

Exercise 14.5.

Exercise 14.6.

Exercise 14.7.

Exercise 14.8.

Bonus exercise.
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Cumulant theory

15a. Cumulant theory

15b.

15c.

15d.

15e. Exercises

Exercises:

Exercise 15.1.

Exercise 15.2.

Exercise 15.3.

Exercise 15.4.

Exercise 15.5.

Exercise 15.6.

Exercise 15.7.

Exercise 15.8.

Bonus exercise.
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CHAPTER 16

Special functions

16a. Special functions

16b.

16c.

16d.

16e. Exercises

Congratulations for having read this book, and no exercises for this final chapter.
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